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THE FIRST ERNEST O. LAWRENCE MEMORIAL LECTURE 


By INVITATION OF THE COMMITTEE ON ARRANGEMENTS FOR THE AUTUMN 
MEETING 


ATOMIC BEAM RESEARCH ON RADIOACTIVE ATOMS 
By W. A. NIERENRERG 


PHYSICS DEPARTMENT AND INSTITUTE FOR BASIC RESEARCH IN SCIENCE, 
UNIVERSITY OF CALIFORNIA, BERKELEY 


Read before the Academy, November 7, 1958 


Foreword.—It is a great honor for the Atomic Beam Laboratory of the University 
of California to have been invited to present a review of its progress as the first 
Ernest O. Lawrence Memorial Lecture of the National Academy of Sciences. 
The larger part of this research was performed under the auspices of the Radiation 
Laboratory and at the specific invitation of Professor Lawrence. As most of you 
know, the sheer enjoyment that we in the Radiation Laboratory experience in 
our work derived from the spirit of infectious enthusiasm which was perhaps one 
of his greatest characteristics. It was irresistible—that and his keen and driving 
interest in basic physical research. Our group always felt this stimulus and was 
clearly aware of its source and was thankful for it. 

I am especially grateful for the privilege of having been asked to deliver this 
lecture. It enables me to acknowledge publicly the great personal debt I owe to 
Ernest Lawrence. As Director of the Radiation Laboratory, as a senior professor, 
and as a neighbor on Tamalpais Road, his warm interest in my career and friendly 
advice were always available and greatly treasured. 

Introduction.—The study of the structure of the nucleus has been greatly ad- 
vanced by the measurement of the angular momentum of some of the stable nuclei. 
This magnitude is quantized and, when expressed in units of Planck’s constant 
divided by 27, the maximum value of its projection along an arbitrary axis, /, 
is an integer or half-integer and is called the nuclear spin. The quantum mechanics 
of space quantization allows precisely 2/ + 1 states of orientation of this angular 
momentum, and the schematic situation is illustrated in the first slide (lig. 1). 
This is called the degeneracy of the spin states. It is one of the constants of motion 
of the ensemble of particles that constitute the nucleus and as such is a fundamental 
nuclear quantity, and its value can be used as a test against any special nuclear 
model or theory. In fact, one of the great successes of the shell theory proposed 
by Maria Mayer, and Haxel, Jensen, and Suess, was just this ability to predict 
ground state spins of nuclei. The natural nuclei scatter along the so-called stable 
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line of the Segré isotope chart, but most of the nuclides known are not stable 

some being deficient by as much as ten neutrons from this region of stability. 
It is very desirable that the spins of as many 
isotopes as possible be measured to provide a 
basis for further advances in the theory of 


M 


= 7 ---—A nuclear structure. The experimental difficulties 


I 
in making these measurements are formidable 


and arise from several sources. One is the 
short half-life of many of these isotopes. <A 





typical lifetime is of the order of one hour and 
techniques needed to prepare a suitable cyclo- 
tron target, extract the isotope, put it in an 
appropriate form for the measurement, and 
then do the measurement in a time of the order 
of 1 hr are fairly precise and fairly delicate. 
Another difficult feature of the measurements 
M,=—% -}-----¥Y involves the small number of available atoms. 
lor these short half-lived isotopes, numbers of 
the order of 10” to 10! are available. In the 
a ee ee eo past, optical spectroscopy, microwave absorp- 
quantized spin 3/2. tion, paramagnetic resonance in crystals, atomic 
beams, and nuclear magnetic resonance have 
been the principal methods of spin determination for elements which are available 
in quantities of the order of 10'S or more atoms. This is unfortunately about six 
orders of magnitude too large for the broader class of radioactive nuclei. This 
talk is primarily concerned with the solution of this experimental problem by a 
combination of particle detection techniques and atomic beams. The resiits have 
been successful in that in the last three years the spins of 52 unstable isotupes have 
been measured in our laboratories with half-lives ranging from 18 min to 25,000 yr, 
covering « wide variety of elements from potassium to curium. In addition, the 
techniques often allow the determination of the magnetic moments and the electric 
quadrupole moments of these nuclei, and this has been done in many of these 
cases. These quantities are also very important nuclear constants. They represent 
important examples of moments, current density, and charge density of the nucleus, 
and are shape-dependent factors very suitable for testing nuclear models. This 
work is continuing and is being expanded to include hyperfine anomaly studies on 
some of these isotopes. 

The atomie beam technique is equally successful for precision measurements of 
similar quantities for the electronic structure of the atom. As a result, the angular 
momenta (in the same units of 4/27 as the nuclear spin) of the low-lying states of 
several transuranie elements have been determined, as well as the electronic mag- 
netic moment (Landé g-factor) of these states, and the results afford very keen 
insight into the correct ground electronic configuration and coupling schemes. 
lor example, the results seem to have confirmed the actinide hypothesis. 

Theory of the Method and Experiment.-The atomie beam part of the experi- 
mental method for spin measurement is quite old and was developed originally by 
Zacharias for the measurement of the spin of A“, an important problem in beta 
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decay theory of its time, as a modification of the atomic beam resonance of Millman 
and Kusech, which in turn was developed from the molecular beam resonance 
first developed by Rabi. An atom of nonvanishing electronic angular momentum 
has a magnetic moment due to the electron motion and electron spin, and the angular 
momentum precesses due to the torque of an applied magnetic field in a manner 
similar to a gyroscope’s motion subject to the torque of the earth’s gravitational 
field. The frequency of this precession is proportional to the magnetic field and 
the coefficient is called gamma, the gyromagnetie ratio. For many of the elements, 
this ratio is very well known from measurements on the stable isotopes, and if we 
take the simple case of the alkalis, for example, which have only one valence 


electron with no_ orbital-angular 


ome but only a spin-angular 
momentum but only pin-angular er (2I>* I) i . 60 
(2I + /) (2I¢/) 


momentum, this precession fre- 
quency is 2.8 me/see per gauss. If 
a weak oscillating field of the order 
of 100 milligauss is added to the fixed 








field, a resonance can take place and 
the precessing alkali atom will open Y Y 
its cone of precession when the fre- 


quency of the oscillating — field 130.00 20.00 


matches the precessional frequency 


of the atom. In quantum mechani- 15.00 12.00 


eal language, the atom whose ./ 




















1, will change from one of its two 
9 WI change rom 1 l W 10.00 857 


projection states to the other. The 








apparatus is designed to detect this 


7.50 6.67 


change in orientation of the alkali 








atom. This is the situation neglect- 


ing the nucleus. However, the 6.00 5.45 
electronic motion generates a mag- 
netic field at the position of the 2 5.00 4.62 
nucleus which is of the order of 
several hundred thousand gauss and 4.29 7 4.0 


this interacts with the nuclear mag- 






































z ‘ P 2 \ table of resonant frequencies for an 
netic moment to form a tight cou- alkali atom where the calibrating isotope Is spin 5/2 


pling between the two angular and resonates at 10 megacycles/second. 
momenta and yields a total angular 

momentum for the atom for which the symbol F is used, which is quantized as 
well. The nuclear angular momentum is of the same order of magnitude as its 
electronic counterpart and the change in the total for the system is appreciable. 
The nuclear magnetic moment is very small, however, and is about one two- 
thousandth of that of the electrons and therefore contributes very little addi- 
tional to the total magnetic moment. We have, in consequence, a system 
of appreciably increased angular momentum, but upon which is acting 
essentially unchanged torque, and theretore the precessional frequency is 
reduced. The effect of the nuclear spin can thus be observed on an atomic 
scale. For example, the precessional frequency for an alkali is 2.8, (2/. + 1) 
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me/see per gauss. The next slide (Fig. 2) is a simple table to illustrate this point. 
The fixed magnetic field is set to a value that will cause a resonance of 10 me/sec 
for a nuclear spin of °/.. This would be some known calibrating isotope, say 


Rb*. The table gives the corresponding resonance frequencies for different 


nuclear spin values up to values of the spin J = '%/y, The resolution of a crude 
atomic beam apparatus is about 0.1 me/sec, but it can be made as low as 0.001 
me/see to allow more adequate resolution for distinguishing spins, if necessary. 
The experimental procedure is then very simple. A magnetic field is calibrated 
with a known stable isotope, usually one of the heavier alkalis which are the simplest 
to deal with. Then the resonance oscillator is set to a series of discrete frequencies 
determined by the simple indicated table for whatever spins are considered possible, 
and an effect will appear for one of these values if there is a suitable detection 


scheme. 





=2 





Fig. 3.—Breit-Rabi diagram for J of 1/2 and an J of 3/2. 


Dimensionless energy is plotted versus dimensionless magnetic 


field. 


The detection method employed is based on the space quantization diagram 
of Breit and Rabi. The next slide (Fig. 3) is a dimensionless plot of energy levels 
of an atom with J = '/, and J = */» versus applied magnetic field. For very 
small values of the field, approximately several gauss, the levels vary linearly with 
field and the Planek condition for the transition frequency between the levels 
labeled —2 and—1 in the upper set is just the one we have previously described. 


The two groups correspond to a total angular momentum F = 4/5 + '/. = 2 and 


F b/g — '/4 1 and are split into five levels and three levels, respectively. 
This is the Zeeman region. In very strong fields, of the order of several thousand 
gauss, Which correspond to the region to the extreme right of the diagram, the 
electron is completely decoupled from the nucleus and its precessional frequency 
is that of a free electron. It has two orientations corresponding to the two parallel 
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groups of energy levels in the diagram. Each group is composed of four levels 
corresponding to each of the four states of orientation of the decoupled nuclear 
spin. The upper group corresponds to energy increasing with field, because the 
electron is in a parallel state with respect to the field, and the lower group cor- 
responds to decreasing energy and an antiparallel state. Since, in a weak field, 
the groups are five and three in number and in strong fields the groups are four and 
four, one level, JJ = —2, must “‘cross the diagram.’ This is a unique consequence 
of the space quantization. Returning to the strong field situation, some considera- 
tion will indicate that an atom in one of the upper states will be urged one way in 
an inhomogeneous magnetic field, and an atom in one of the lower states will be 
urged in the opposite direction. This is the region used by the focusing parts 
of the apparatus. The next slide (Fig. 4) shows a schematic sketch of an atomic 
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Fig. 4.—Schematic sketch of an atomic beam apparatus 


beam apparatus. On the left is a source of the atoms, which emerge with thermal 
velocities. The source may be an oven with slits to supply the vapor or a dis- 
charge tube also with slits for dissociation of gaseous molecules. The chemistry 
necessary to prepare the source from a cyclotron target is often very difficult and 
varies very widely from element to element. For the alkalis, a final reduction of an 
alkali halide by caleitum directly in the oven can give a useful beam, whereas for 
some of the transuranics a conversion of the oxide to the carbide and then thermal 
dissociation seemed to be the only successful one tried. For separation methods 
in the restricted time allowed, methods such as precipitation, electroplating, high- 
temperature distillation, and elution columns have been used. Fairly elaborate 
precautions have to be taken to keep up the specific activity of the sample. A 
fairly complex vacuum-loading and oven-heating system is essential for rapid 
operations. After emerging from the oven, the atoms pass through two successive 
strong fields, which are inhomogeneous and in the same sense, and the strength 
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of the fields is such that the atoms are deflected to the left or right, depending upon 
whether the decoupled electron is parallel or antiparallel to the field, and never 
reach the detector at the end of the apparatus. Between these two fields is a very 
weak uniform field and the still weaker oscillatory field. If the frequency is correct, 
an atom that was in state —1 is now in state —2 and vice versa. The net result 
is that these atoms have their moments reversed in sign and are refocused to the 
detector. There is a stop wire that blanks out the fast tail of atoms of the Maxwell 
distribution that would tend to go straight through in any event. We have 
achieved the desirable situation where there is no signal unless there is a resonance. 
This is an essential feature of the statistics where small numbers of atoms are to be 
detected. The usual detector is a hot tungsten surface ionizer that works very well 
for the alkali calibrator, but is, of course, unsuitable for most other elements and 
particularly the small number of radioactive atoms in the beam. The detector 
that is used is a collectir g surface that interrupts the beam and is withdrawn 
through a vacuum lock and then counted by a suitable particle detector. The 
collecting surfaces turned out to be no trivial problem, and, after much research, 
it was found that sulfur was unusual in that it had close to 100 per cent retentivity 
for incident electropositive atoms. This is not true for most other surfaces, such 
as brass, iron, nickel, ete. Sulfur is poor for halogens and there fresh silver plate 
was found adequate. Finally, conventional radioactive counters were found to be 
inadequate, since the background was too high for any reasonable efficiency. 
Fortunately, very special features of an atomie beam could be used. The eross 
section of the beam at exit is approximately | yo XX! .in. Furthermore, many of 
the interesting isotopes decay of A-capture and emit characteristic x-rays. These 
x-rays are absorbed in ')5 mm of Nal or less, and so a Nal crystal counter and 
phototube, using a very small crystal plate */4 in. X '4 in. X& '/46 in., will count 
just one-half the disintegrations with very low background because of its small 
volume. The discrimination that can be used because of the known x-ray energy 
keeps the background rate down and also serves as further identification for pro- 
tection against contamination. The best results have been with the isotopes of 
Cs, where the background is one-third of a count per minute, with an efficiency of 
15 per cent. The principal factor is the 27 loss of solid angle. Small volume 
electron flow counters have been developed that are nearly as good for the neutron 
excess isotopes and the use of the alpha counters for low background work for 
some of the transuranic¢s is routine. 

To recapitulate, alkali atoms issue from the oven into the strong inhomogeneous 
A field; half are deflected to the right and half to the left, depending upon the 


decoupled electron spin orientation. They enter the very weak C-field region 


where they encounter a still weaker oscillatory magnetic field. If the frequency 
of this field matches the Planck transition frequency for the inelegantly termed 
“flop-in”’ transition, the atoms of the corresponding states interchange in such a 
fashion that when they emerge into the B field, which is also strongly inhomo- 
geneous, they are deflected in a direction opposite to the original deflection and are 
focused to the detector. 

The following series of slides will convey some idea of the experimental ¢om- 
plexities. Figure 5 is a photograph of one of the four apparatuses at Berkeley 


designed for this research. One apparatus is primarily for condensable beams. 
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Fic. 5.—Photograph of an atomic beam apparatus 


such as Cu, Au, ete. Another apparatus is for gas sources, such as the halogens, 
which require a special discharge source for dissociating the molecules. A third 


apparatus is for the transuranic and heavy elements, which require special source 


techniques of their own, and the forth apparatus is designed for the purpose of 
making precision measurements to a part in 10? or better, so that hyperfine-structure 


O10" deep cooling vanes 


siots ™ 
































“foil holder 


050" deep grooves to hold target moteria/ 


Fic. 6.—Exploded view of a cyclotron target 
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anomalies of radioactive isotopes may be studied. This particular slide is a picture 


of the precision apparatus. On the left is the source and special source loader. 


The magnets are in the vacuum envelope, but the leads are visible. On the right 
can be found the hot wire detector and the vacuum lock for inserting and removing 
the beam collector for counting. 

Figure 6 is an exploded view of the cyclotron target that was developed for 
getting maximum production of radioactive atoms where halide salts were used. 
Beam currents of 60 microamp for 48 mev alphas were achieved without destroying 
the target by using a double aluminum grid to remove the heat efficiently. Other 
targets were simple metal foils and in two other cases were gas targets. Figure 

7 is a sketch of the x-ray counters and 

PHOTOMULTIPLIER TUBE ~NoI(TI) ASSEMBLY = ne of the sulfur-coated brass buttons 

; that was found to give full efficiency 

Ym mil. Al FOIL , : 

for collecting atoms. It can be seen 
that the Nal erystal is very small by 
comparing it to the photomultiplier 





tube. The assembly is indicated on the 











diagram and the brass collector is fixed 
in place by a spring-loaded ball bear- 
ing that locks a V-groove in the side. 











This gives the needed reproducibility. 
Examples of Results.—Since some- 


thing like 55 isotopes have been anal- 





yzed to some degree, it is impossible in 
sates ot i this talk to cover the results adequately. 


1 i é : 
ae The first of the experimental results 
H —" oh will be chosen for the purpose of illus- 


SPRING LOADED BALL BEARING HOLDER trating the applications of the method 
TO HOLD BUTTON 




















and demonstrating some of the = in- 
teresting features that arrive in the 


laboratory. Figure 8 displays the re- 
sults of the simplest possible experi- 
ment that can be attempted. The sub- 


TOP BOTTOM stance is Ag!!’™. It is made by putting 
a sample of natural silver in a nuclear 




















EDGE SIDE 

Fig. 7. X-ray counters and collecting button. 
reactor for several weeks. It has a 

long half-life (250 days) and so the experiment was leisurely performed. It is 
already in metallic form with carrier silver, hence no chemistry is required. A 
simple tantalum oven was employed and the formation of a silver beam is well 
understood. — [It was on silver atoms that the classical Stern-Gerlach experiment was 
performed. Plotted horizontally are frequencies which are indicated by the 
appropriate resonant spin values. The ordinates are the counting rates for each 
of the exposures taken. The signal is high for 7 = 6 and low for the other spins. 
In this simple case, the signal-to-noise ratio is very good, despite the fact that the 
intensity of the signal is particularly low for high spins, varying as the reciprocal 
of 27 + 1. This can be understood from the Breit-Rabi diagram in that only two 
of the levels contribute to the resonance and the total number of levels varies as 
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2(27 + 1), the products of the degeneracies of the electron spin and the nuclear 
spin states. Figure 9 is a plot of the full resonance line of Ag''’". The experi- 
ments are usually more complicated than this; because the lifetimes are short, a 
chemical extraction has to be performed, and more than one isotope is produced. 
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Figure 10 is the production curve for Rb*!, Rb**, Rb**, and Rb** by alpha particles 
on bromine. It is the differential cross section with respect to energy versus the 
energy of the alpha particles. There are two natural isotopes of bromine in equal 
abundance, and so all four isotopes are made, 81 and 82 in two ways. The half- 
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lives are 4.7 hr, 6.3 hr, 83 days, and 33 days, respectively. The bombarding salt 
is BaBre and a separation is performed after bombardment using RbBr as carrier 
in controlled amounts. It is unsuitable to use RbBr in the bombardment to avoid 
the chemistry, because the natural rubidium would be in excessive amounts for 
the half-lives involved. The additional rubidium carrier increases the time for 
emptying the oven well past the half-life of the short-lived rubidiums. Spin 
buttons were exposed from / = 0 to / = 6, including the half-integer spins. Two 
resonances are observed when the buttons are counted immediately after exposure, 
one corresponding to / = */2 and one tol = 2. Clearly the */2 value is associated 
with Rb*! and the 2 value with Rb**. The counting rates of the two resonance 
signals are plotted versus time and are shown in Figure 11. The */. resonance 
decays with a half-life of 4.7 hr and the 2 resonance with a half-life of 6.3 hr. These 








30 40 
ALPHA LAB ENERGY - MEV 


CALCULATED EXCITATION FUNCTIONS _ 6r(a,kn)Rb 


Fic. L0.--Production curve for rubidium isotopes as a function of the alpha-particle energy. 


were just the reported half-lives of Rb*! and Rb* and constitute a very firm identi- 
fication. As a reference, the decay of the main beam, received at the detector 
with the magnets off is plotted on the same curve. The half-life is 5.4 hr, repre- 
senting the starting mixture of both isotopes, and the difference is quite evident. 
The two resonances represent a fairly complete separation of the two isotopes, 
and this separation is a completely independent verification of the spin assign- 
This is a very valuable technique and is useful in those cases where many 


ments. 
After waiting a few days to allow the Rb*! and Rb*® to 


isotopes are present. 
decay away completely, the spin samples were recounted and two more resonances 
were found, one at spin ®/. and one at spin 5, which were assigned to Rb** and 


Rb*, respectively. This assignment was also checked out by decay. An antie- 


ipatory remark is that the spins of these isotopes and many of the others are 
further verified in the measurement of the hyperfine interval, which is the energy 
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separation (which will be expressed in frequency units) between the two states, 
parallel and antiparallel, in zero field. The feature of spin assignment by the 
isotope separation has been used many times in this laboratory. An interesting 
case is that of Rb*'™, which is a 30-min isotope. The resonance is not as clear 
as it might be because of the hurried technique necessary for this short half-life. 
However, the change in decay rate of the resonance at spin °/. versus the main 
beam is marked. It is interesting that this method is the only one for separating 
nuclear isomers before decay. The shortest half-life isotopes treated this way 
have been Rb®'™ and Cs!“ with half-lives of 30 min. This is close to the limit of 
present techniques, unless there are very accidental features, as was the case of 
Br® whose half-life is 18 min. Figure 12 is the decay of three cesium resonances 
observed as a result of proton on xenon bombardment. Three distinct resonances 
were observed, which decayed with distinctly different half-lives and differently 
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Fic. 11.—-The decay curves of the Rb*! and Rb*? resonances 
compared to the normal beam sample 


from the main beam. This is an especially fine result of the isotope separation 
technique. This was a particularly enjoyable result, because the Cs'*® had been 
previously measured in Berkeley after having been produced by alphas on iodine; 
the Cs'*! had been previously measured by Smith and Bellamy in Cambridge; 
the Cs!*? was a new result. 

The examples chosen have been from the simplest situations, where J = '/2 
This group includes the alkalis, gold, silver, copper, the lowest atomic states of 
indium and gallium, and others. A more complicated situation, but potentially 
more interesting, occurs when the atomic angular momentum is greater than '/», 
suy for example, the first excited state of Ga, with J = */2, which is appreciably 
populated at the oven temperatures necessary to make the beam or the atomic 
ground states of the halogens where J also equals */2. Figure 13 is the Breit-Rabi 
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diagram for this case, where J has been chosen 5 for illustration. Notice that 
there are four levels at zero field and four groups of levels at strong fields cor- 
responding to the four orientations of the electronic angular momentum. The 
diagram is very complicated but, in the order of the levels shown, the two arrows 
indicate the two “flop-in’” transitions that are observable in this case. Thus, 
while the intensity is further reduced, the observation of two resonances is even 
stronger confirmation of the spin. Only one of many possible examples will be 
illustrated. That is the measurement on Ga and Ga, These isotopes are 
produced by alpha bombardment of copper and the separation was performed by 
electroplating. The results are summarized in Figure 14. They are complicated 
by the fact that there are two isotopes and two resonances each for the J = */s 
state and one resonance each for the J = '/. state, which is also present in the beam. 
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Fic. 12.—The deeay curves of the Cs!2%, Cs!3!, and Cs!8? resonances compared 
to the normal beam sample. 





The / QO resonance for J = */.is very evident and must be assigned to the Ga®® 
because of the integral-even mass number assignment and the decay rate of the 
resonance. There is a triple numerical coincidence in that the J = '/2 resonance 
for spin 0 coincides with both resonances for J = */2 and spin */2, which is the Ca® 
spin. The / () component was separated by decay-rate analysis, as indicated ; 
the two resonances for J = */, separated at higher fields when hyperfine-separation 
measurements were made. This is probably too complicated a situation to discuss 
in detail in this talk, but it serves as an indication of the painstaking analysis 
that is sometimes needed. This particular result was interesting because Ga 
was the first nucleus composed of an odd number of protons and an odd number of 
neutrons to have its spin definitely established as zero. 
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The next slide (Fig. 15) is one of two compiling a brief summary of the spins 
and moments measured in Berkeley. There are included some spins of the stable 
isotopes and radioactive isotopes of the same elements which were measured 
elsewhere. The asterisks indicate the spins measured at Berkeley for the first 
time, and the dash indicates a verification of a previously measured isotope. There 
is not sufficient time, nor is it the purpose of this lecture, to discuss the nuclear 
implication of all the results, but some general results are worth noting. There 
is a gold isotope, Au'*, which is especially interesting because of its particularly 
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Fig. 13.—Breit-Rabi diagram for J = 3/2 and 1 


small magnetic moment, namely 0.008 nuclear magneton, compared to the typi- 
cal value of 1. This is an interesting accidental value, because a zero-spin measure- 
ment by most methods, including the present one, really is the determination of an 
upper limit to a magnetic moment. In the case of Ga®, for instance, this limit 1s 
10-° nuclear magnetons, but there is always an ambiguity. As another example, 
there are several elements that have 8 to 10 isotopes whose spins have been meas- 
ured. Some of these isotopes are far removed from the general line of stability. 
These offer a fruitful field for comparison with theory and future possibilities for 
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Fic. 14.—Spin search involving Ga® and Ga®, 


hyperfine-structure anomaly studies. The Ga® spin of zero was previously noted. 
Figure 16 continues the list. The Cs! and Cs!** results, with spins of one-half 
each, were entirely unexpected and have proved very difficult to reconcile with 
current theories of nuclear structure. There are additional groups of isotopes 
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Fic. 15.—First summary of results. The asterisks represent Berkeley determinations, the 
dashes represent Berkeley verifications. 
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that have of the order of ten members included, such as silver, gold, thallium, 
and iodine. Astatine-211 vielded its spin by these methods, even though consid- 
erable difficulty was encountered in developing a suitable beam carrier, no natural 
one being available. The field of research at the end of the table is active for reasons 
other than nuclear as well. 

Magnetic Moments, Quadrupole Moments, and Signs.—Reference has been made 
several times to nuclear magnetic moments determined in these laboratories. 
The nucleus does interact directly with the external magnetic field. This is a very 
feeble interaction, but its effect is often directly observed because of the hig 
precisions obtainable. However, this method is neither suitable nor useful where 
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Fig. 16.—Second summary results. 


the amount of material is limited. Instead, use is generally made of the fact that 
the hyperfine separation of the two levels in the J = '/». situation, for example, is 
proportional to the nuclear magnetic moment, since it involves the interaction of 
that moment with the magnetic field of the valence electrons. This magnetic 
field is essentially the same for all isotopes of the same element, and hence if the 
magnetic moment is measured directly for a stable isotope, say by the Bloch-Purcell 
nuclear induction technique or the Rabi molecular beam technique, to mention 


just two methods, the coefficient of proportionality can be applied to the radio- 


active isotope to yield its moment, if its hyperfine separation can be measured. 
This is the essence of the Fermi-Segré formula. The method adopted for measuring 
the separation is based on the fact that the frequency of transition cannot remain 
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linear with the field as it increases, but must have quadratic and higher terms as 


the increasing field decouples the nuclear spin from the electronic angular momen- 
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f is the true frequency, and the 


quadratic term represents the shift. 
Av is the hyperfine separation and is 
clearly correctly placed because, if it 
were infinite, the shift would vanish. 
Before a measurement is attempted, 
a very crude estimate of Ay can 
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on. It is often the case that, with less 
than 50 experimental points, the 
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T14 (Fig. 17). 
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was determined here to better than | per cent. Eventually a direct transition at 
weak fields was observed, and the constant was determined even more precisely. 
For purely nuclear theory, this additional precision is usually not warranted. 
Now, when J = '/», there is only one hyperfine separation at zero field, and only 
one constant can be determined and that one is related to the nuclear magnetic 
dipole moment. If ./ = 1, there are two such differences, and therefore two such 
constants must be involved; the second is the nuclear electric quadruple moment, 


mm, 
; 


Br” ENERGY LEVEL 
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Fig. 18.—Breit-Rabi diagram for J = 3/2, 7 = 1, inverted as for Br7 


a direct shape factor. IfJ = */., there are three constants, the third is the magnetic 
octupole moment, and so on. This is a simple proof that a nucleus cannot display 
a statie electric or magnetic moment greater than 2/7 in order of complexity. Ac- 
tually, very few octupole moments have been measured in toto, the effect is too 
small, and they have been neglected, so far, in radioactive research. The general 
principle of measurement of the first two constants is the same, however, as for the 
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a '/, situations, although more resonance lines must be observed for accurate 
determination, and it has been found convenient to employ eleetronie computers 
to analyze the results. This allows greater freedom in choice of transitions. 
Many isotopes have been so treated, but only one example of special interest will 
be discussed. It developed that Br’, 7 = 1, had a large enough quadrupole 
coefficient compared to its magnetic coefficient that, as a result, a peculiar inversion 
of its levels took place, the first of this kind ever observed, I believe. Figure 18 
shows the Breit-Rabi diagram for this isotope. The F = '/2 level, which is normally 
the lowest, is now between the */s and °/. levels, and as a result, a third transition, 
as indicated, is possible and was observed, thus confirming the assignments. 

The only remaining important question is that of the absolute sign of the inter- 
action, or equivalently, the signs of the nuclear magnetic moment and the electric 
quadrupole moment. This can also be measured by a fairly complicated expansion 
of the technique and requires a detailed discussion for which there is no time. 

Heavy Element Research. The heavy elements, defined as those beyond radon, 
have recently proved themselves to be a most fruitful field for atomie beam re- 
search. At the start of this program, little was known about the ground state 
properties of these atoms beyond a certain similarity to the rare earths, established 
by chemical methods. These methods, including magnetic susceptibility deter- 
minations, had clearly established the presence of 5f electrons and possibly the 
existence of 6d electrons in the crystalline state, but almost nothing was known of 
the configuration of the free atom and even less of the electronic coupling constants. 
It was generally assumed that coupling schemes and configurations would be quite 
similar to those in the rare earth region. The usual approach is the study of the 
visible and ultraviolet spectra of these elements, but these are extremely complex 
and have so far resisted anything resembling complete term analysis. As a result, 
many important questions have remained unresolved, including the spectroscopic 
classification of the ground states. The method of atomic beams is very powerful in 
this regard in that it often results in unambiguous assignments of the electronic 
angular momenta and Magnetic moments of the ground state and other low-lying 
states. The magnetic moments can be measured to close to four significant figures 
and the accuracy permits estimates of the deviation of the system from certain 
ideal assignments which represent conventional limiting situations. In technical 
terms, the accuracy permits detailed estimates of the nature of the coupling among 
the electrons and the effects of configuration mixing. It is convenient to discuss 
the electronic magnetic moment in terms of the dimensionless Landé g-factor, 
which is essentially equal to 2 for the spin of a single electron with no orbital 
angular momentum. In this notation, the electronic gyromagnetic ratio of an 
alkali is —2, that of the J = */. state of a halogen is — 4/3, of the J = '/2 state 

*/s, and so on. 

Since the start of this research, the atomic beam resonance method has been 
used to measure the ground state angular momenta and Landé g-factors of one or 
more low-lying electronic states in *'protactinium, “neptunium, “plutonium, 
*americium, and “eurium, with the result that more is now known about the ground 
states of the free heavy element atoms than about those of the free rare earth atoms. 

Sefore discussing the general nature of the results obtained, we will digress to 


discuss some of the experimental problems that had to be overcome. First and 





VoL. 45, 1959 PHYSICS: W. A. NIERENBERG 147 


foremost, is the problem of beam production. The oven source temperatures 
required vary from 1,900° Kelvin for curium to 3,100° Kelvin for protactinium. 
The curium and protactinium beams are formed by mixing the nitrate with carbon 
in tantalum ovens and raising the temperature gradually. The nitrate becomes 
the oxide and then the carbide, and finally the carbide decomposes at a rate to give a 
sufficiently reliable beam. The plutonium and americium are evaporated directly 
as the metal, the former in a tungsten oven, the latter in a tantalum oven. The 


Paoschen - Bock 


Fig. 19.--Breit-Rabi diagram for J 11/2, 7 = 2 as for neptunium-238 


carbide method worked well for the neptunium isotopes, although the uranium 
carrier was needed (as it was for the curium). In all of this work, we were greatly 
aided by the advice and help of the Chemistry Department of the Radiation Labo- 
ratory. The beam collection part of the problem turned out to be surprisingly 


simple. Apparently full efficiency can be achieved using flamed platinum foils. 


The counting was exclusively by alpha decay, except for the neptunium isotopes. 
However, the signal-to-noise problem is very serious because of the large number of 
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levels involved. Figure 19 is the Breit-Rabi diagram of the hyperfine levels of the 
J = "'/. state of neptunium-238, whose nuclear spin is 2. There are 60 levels, but 
stutes of angular momenta °/s, 7/2, and °/. are also excited, making a total of 180 
magnetic levels in the beam. There are a large number of observable resonances, 


the intensity of some of which are as low as 0.07 per cent for some of these heavy 
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Fig. 20.—Summary of information on the low-lying states of the heavy elements. 
The underlined data are from optical measurements, the remainder from atomic 
beam work. 


elements. This requires tedious counting and many data points for good statisties. 
Pulse height analysis and precise decay rate were fortunately not needed and would 
have been very difficult with these intensities, except in the case of neptunium- 
239, where there was the possibility of a misassignment because of conflict with 


earlier results. 
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Figure 20 is a summary of the information obtained on the ground state and near 
ground state configurations for the heavy elements through curium. The under- 
lined data are from optical measurements, the remainder from atomic beam meas- 
urements. The data show that the 5f and 6d electrons are coupled quite dif- 
ferently from the existing assumptions about the rare earths. It is found, to a 


ELECTRONIC COUPLING IN CURIUM 





The independence of 5f and 6d electrons, plus pure L-S coupling in the 5f shell 
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These observations are fit to the experimental accuracy by 
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Conclusion 


Pure L-S coupling is a good approximation for 5f electrons 


5f & 6d electrons are weakly coupled 


6d electrons appear to be mixed with higher configurations 


21.—The g-factors for the electronic subshells of the low-lying states of 
curium. 


rather high degree of approximation, that the 5f and 6d shells are quite independent, 
i.e., that the electrostatic forces on the electrons are small compared to the magnetic 
forces in the 5f shell. Hence the starting approximation is one where the 5f elec- 
trons couple in Russell-Saunders coupling according to Hund’s rule to give certain 
J and g, values and the 6d electron does the same. These two angular momenta 
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combine according to the usual rules giving final J and g, values. For curium 
there are four such states, as previously remarked, and they lie within a few thou- 
sand wave numbers from the ground state and are all found in the atomic beam. 
From the intensity of the resonances, a reasonable level scheme can be constructed 
as shown in the last slide (Fig. 21). The four observed g-values can be computed 
within the observed error by two empirical constants, the g-value of 2.001 for 


an 5S;,, term for the 5f electrons in combination with the g-value 0.892 for a ?D,,, 
for the 6d electron, and the calculation is summarized in Figure 21. The value 2 
for the f electrons represents close to a pure Russell-Saunders situation, the value 
for the 6d electron is approximately what is expected, but shows a definite dis- 
crepancy indicating perturbations. Similar results hold for protactinium, where 
three of the four possible J states have been seen, for neptunium, where only one 
level has been seen, and for plutonium, where there are no 6d electrons and the six 


5f electrons yield J and gy values expected from a Russell-Saunders coupling scheme. 


Conclusion.-It is our aim to continue all these researches, to expand the infor- 
mation on nuclear static moments, and to more clearly define the electronic states 
of the heavy elements. In addition, we are embarked on precision research in 
these fields for studying hyperfine anomalies and possibly higher nuclear moments. 
The possibility is very strong in the heavy elements where Z is large and the large 
J and J values do not generally offer selection rule limitations. 
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THE BEVATRON 
By Epwarp J. LOFGREN 
LAWRENCE RADIATION LABORATORY, UNIVERSITY OF CALIFORNIA, BERKELEY 


Twenty-eight years ago, in the opening lines of a paper presented at a meeting 
of this academy, Prof. Lawrence said, ‘“‘Very little is known about nuclear prop- 
erties of atoms, because of the difficulty inherent in excitation of nuclear transitions 
in the laboratory. The study of the nucleus would be greatly facilitated by the 
development of a source of high-speed protons having kinetic energy of about 1 
million volt-electrons.”! He went on to explain the idea of the cyclotron and the 
imminent possibility of producing 1-million-electron-volt protons with apparatus 
10 em in radius and having .. 15,000-gauss magnetic field. Today a great deal is 
known about the nuclear properties of atoms, and much of this information came 
from the cyclotrons and related types of accelerators which stem directly from this 
early work of Prof. Lawrence. The Bevatron is one of the largest of this group of 
accelerators, and my purpose is to tell you what it is and how it works. Without 
apparent limit it seems that there is more and more to learn about nuclear particles. 
The experimental program of the Bevatron is one of the most important in this 
field, and in the following talk Prof. Alvarez will tell about the research which gives 
it that unique position. 

For reasons which are simple enough to explain but which would take too much 
time to go into, it was not possible to apply the eyelotron idea as originally conceived 
to accelerators of energy greater than several tens of millions of electron volts. 
The necessary modifications to the original concept in the form of the principle of 
phase stability were made independently by Prof. MeMillan and Prof. Veksler. 
These modifications have made it possible to build synchrocyeclotrons of several 
hundred million electron volts (Mev) energy and proton synchrotrons, like the 
Bevatron, of six billion electron volts (Bev), and the more recently completed 
{ussian proton synchrotron of 10 Bev. Further extensions of the same line of 
development are incorporated in accelerators being built at the Brookhaven 
National Laboratory and at the CERN Laboratory, whose energy will be in excess 
of 25 Bev. 

In the Bevatron, as in all accelerators stemming from the cyclotron idea, the 


ions are held in a circular path by a magnetic field and they are given repeated 
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increments of energy by an accelerating electrode, which is excited with radio- 
frequency in synchronism with the circulating particles. Unlike the original 
cyclotron, the Bevatron keeps the radius of the particle orbit in the magnetic 
field approximately constant, with the magnetic field varying during the accelerating 
cycle, and the frequency of the accelerating voltage is not constant but increa es 
as the speed of the particles increases. 

The chief components of the Bevatron are identified and related in Figure 1. 
The magnet which guides the protons in their circular path is made of four sectors 
of 50-ft radius, each separated by 20 ft. The vacuum tank extends through the 
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Fic. 1 Bevatron. 


magnet quadrants and the space between them, providing a path in the form of 
a ring with four flat spots, approximately 400 ft in circumference for the circulating 
protons. To establish an orbit as great as this, the particles must have an ap- 
preciable initial energy. Ten-Mev protons are supplied by the injection system, 
which is in itself two smaller accelerators operating in series. The first element 
isa '/o-Mev Cockeroft-Walton accelerator. In the Cockeroft-Walton a de potential 
from a voltage-multiplying rectifier is applied in a straightforward manner to 
protons drawn from a hydrogen discharge. It is interesting to note that this 
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was the type of accelerator used in 1932 to achieve the first transmutation of 
atoms with particles from an artificial source. The protons from the Cockcroft- 
Walton are injected into the 10-Mev linear accelerator. This type of linear accel- 
erator is essentially a copper vacuum tank in which an alternating axial electric 
field is established. Hollow cylindrical tubes are placed at appropriate spacing 
down the axis of the tank so that the injected protons are inside the field-free 
space within the tubes when the direction of the applied electric field is adverse, 
and the particles are between the tubes so that they feel the full force of the field 
when its direction is favorable. This type of accelerator was invented by Prof. 
Alvarez in 1945 and is based upon earlier work by Prof. Lawrence and Prof. Sloan 
on another type of linear accelerator and upon the wartime development of radar. 
The 10-Mevy protons are then injected into the Bevatron proper through the in- 
flector, which guides them into their orbit. At this instant in time the Bevatron 
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magnetic field is 300 gauss, just sufficient to hold the protons in an orbit of 50-ft 
radius. Radio-frequency power is then applied to the accelerating electrode. 
Its frequency is 0.4 megacyele, just equal to the rotational frequency of the ions. 
At each passage through the accelerating electrode the energy of the particles 
is increased by 1500 electron volts; simultaneously and continuously the mag- 
netic field is increased to maintain a constant orbit radius, and the frequency of 
the accelerating power is increased to match the greater rotational frequency. 

The accelerating cycle lasts approximately 2 sec, during which time the magnetic 
field increases to 15,500 gauss and the frequency to 2.4 Me, and the protons will 
have made 4,000,000 revolutions and attained an energy of 6.2 Bev. The evcle 
is repeated with a new batch of protons every 6 sec. 

Figure 2 is a diagrammatic cross section of the Bevatron. When the 10-Mev 
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protons are injected they fill most of the space between the magnet pole tips, 
approximately 1 ft by 4 ft, because of large radial and vertical oscillations. As 
the acceleration proceeds, these oscillations are damped, and the cross section of 


the beam is reduced to a few square inches, as indicated. The accelerated protons 


now form a tight bunch orbiting through the center of the tank. <A target mech- 
anism is then actuated, lifting an appropriate target from its position on the bottom 
of the tank to the median plane and at a radial position just inside the beam bunch. 
The path of the beam is then perturbed, either by altering the radio-frequency or 
by energizing a small auxiliary magnet, and the beam is driven into the target. 
About 10'' protons are accelerated during each pulse, and the cycle is repeated 
ten times a minute. 


PROTON BEAM 


COPPER TARGET 


15" BUBBLE 
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Fic. 3 


In nearly all the experiments the interest is in the secondary particles, which 
are produced when the primary 6-Bey protons strike the nuclear matter in the 
target. All the familiar elementary particles are produced, as well as the more 
recently discovered K mesons, hyperons, and antinucleons. The secondary par- 
ticles leave the target in a spray in all directions, with the more energetic ones 
oriented in a forward direction. This spray of particles of various kinds and 
energies is difficult to work with directly. Sometimes the desired particle appears 
as only Lin 104 to 10° undesired particles. 

Important advances have recently been made in the means of analyzing, sorting, 
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and focusing to provide relatively pure and homogeneous beams of the rare par- 
ticles. Figure 3 is a diagram of one such system. The target in this case is in the 
Bevatron magnet, and an initial separation between the positively charged, neutral, 
and negatively charged particles is made by the Bevatron field. The negatively 
charged particles are deflected 90° from the direction of the primary proton and 
pass through a hole in one of the Bevatron leg yokes. A further deflection occurs 
as the particles go through the magnet labeled M-1. These two deflections define 
a momentum, so that we now have negative particles of a given momentum but 
of several kinds—pions, muons, K mesons, and antiprotons. The beam is also 
diverging and requires a magnetic focusing lens, QI, to render it parallel. The 
next step is to separate the various kinds of particles according to mass. To do 
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this, the beam is passed through a velocity spectrometer, where opposite transverse 
electric and magnetic forces are applied. Since the magnetic force depends upon 
velocity, these transverse forces can be balanced so that particles of any one chosen 
velocity are undeflected, and all other particles are deflected. Since the mixed 
particles have already been selected to have a constant momentum (mass times ve- 
locity), this deflection results in a separation according to mass. A final magnetic 
focusing lens, Q2, and collimators, Cl and C2, are placed just before the hydrogen 
bubble chamber used in this particular experiment. This particular arrangement 
of equipment has been used very effectively to separate both K~ mesons and anti- 


protons of momentum about 450 Mev/e for experiments with various bubble 


chambers and nuclear emulsions used as detectors, improving the ratio of desired to 
background particles by a factor of seven hundred, 
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The final illustration (Fig. 4) is a photograph of the Bevatron. The '/.-Mev 
Cockeroft-Walton is in the house at the right. The 10-Mev linear accelerator is 
in the center, and the Bevatron magnet curves off to the left. 


' Science, 72, No. 1867, p 376. 


FORCES BETWEEN NUCLEONS AND ANTINUCLEONS* 
By GEOFFREY I°. CHEW 


LAWRENCE RADIATION LABORATORY, UNIVERSITY OF CALIFORNIA, BERKELEY 

I. In 1955, Chamberlain, Segré, Wiegand, and Ypsilantis, working with a beam 
of particles from the Bevatron, established the existence of the antiproton.' As 
theoretically expected, they found this particle to have a mass equal to that of the 
proton and a charge equal but opposite in sign. Later the antineutron was found 
by Cork, Lambertson, Piccioni, and Wenzel and also observed to have the expected 
properties.2. (Neutron and antineutron, even though they are both neutral, 
are not the same particle. lor example, they are capable of mutual annihilation, 
a process that cannot occur for two neutrons. ) 

Many experiments were then undertaken to determine the interactions of anti- 
protons, and the first important fact established was that annihilation actually 
occurs when proton and antiproton come sufficiently close to each other. This 
experiment was carried out with emulsions in a collaboration between a group in 
Rome under Professor Amaldi and a large Berkeley group.’ It was found that 
on the average about five pions were emitted per annihilation, a number that some 
theorists find surprisingly large, but which depends on so many complicated con- 
siderations that no clean-cut interpretation has yet been possible. 

Further experiments have given the detailed cross sections for proton-anti- 


proton scattering and annihilation at intermediate energies, that is between about 


100 and 400 mev. The processes involved and the corresponding cross sections 
are as follows: 
Process Cross section 
+ p>pt+p Fseat (Scattering) 
+ pamn+tn Tox (charge-exchange ) 
+ p — annihilation Fann (annihilation) 
Ordinary inelastic scattering, with pion production, is negligible at these energies. 


The total cross section is, then, 
F total Oscat + Tex li Jann: 


In Figure | a compilation of many different experimental results for these cross 
sections is shown, and it is seen that good agreement exists between the various 
measurements. Angular distributions for elastic seattering have also been meas- 
ured; examples are shown in Figures 2 and 3. 

The most striking aspect of these experimental results is the magnitude of the 
total proton-antiproton cross section, which at these energies is two to three times 


as large as the corresponding nucleon-nucleon cross sections. This difference led 
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Fic. 1.—The total proton-antiproton cross sections as a function of energy. 
The solid curves are the theoretical results of Ball and Fulco References to 
the experiments cited may be found in UCRL 8365 
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Fic. 2.—The angular distribution for elastic proton-antiproton 
scattering at 140 mev. 





158 PHYSICS: G. F. CHEW Proc. N. A. S. 


people at first to suppose that the forces acting between nucleon and antinucleon 
must be quite different from those between two nucleons. Let us consider now 
what field theory has to say about this question. 

I]. It has been possible to understand many properties of the nucleon in terms 
of the Yukawa hypothesis that the nucleon is a source of the a-meson field in the 
sume sense that a charged particle is a source of electromagnetic field. TheYukawa 
picture of the physical nucleon is divided roughly into three regions: 

(1) An outer “fringe” at distances larger than or of the order of the pion Compton 
wave length, r, hjm,c = 14 X 107 em. Here single virtual pions occur in a 
well defined distribution, with a strength characterized entirely by the pion-nucleon 
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Fig. 3.—The angular distribution for proton-antiproton 
scattering at 260 mev. 


coupling constant, f he = 0.08 + 0.01. General considerations—such as con- 
servation laws and the uncertainty principle—give us confidence that we understand 
this region. If the pion is indeed the lightest particle that interacts strongly with 
the nucleon, then according to the uncertainty principle it must dominate the 
outer parts of the nucleon structure; and if we believe that strong interactions con- 
serve parity and isotopic spin and are essentially local in nature, then the distribu- 
tion of virtual pions at large distances is determined entirely by symmetry consider- 
ations. Experiments on the long-range parts of the nucleon-nucleon force and on 
the zero-energy limits of pion-nucleon scattering and photopion production give 
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quantitative confirmation of these conclusions. By any ordinary standards, then, 
we can claim to have a rather complete understanding of the “fringe” of the nucleon. 

(2) The intermediate structure of the nucleon, at distances smaller than r, but 
greater than the nucleon Compton wave length, r, = r,/7, is by no means com- 
pletely understood, but it seems still to be dominated by virtual pions, and the 
Yukawa theory has had semiquantitative success in describing this intermediate 
region. In particular, the theory seems to give a nucleon-nucleon force at inter- 
mediate distances which is remarkably close to that required by experiment. 
When we add the fact that the anomalous nucleon magnetic moments are fairly 
well understood in terms of this pion cloud, we conclude that a good deal is known, 
at least empirically, about the intermediate structure of the nucleon. 

(3) Finally there is the ‘‘core” of the nucleon, the structure at distances smaller 
than the nucleon Compton wave length. Almost nothing is understood about this 
region theoretically although we expect it to contain virtual strange particles and 
antinucleons. Empirically it gives rise to a strong repulsive force between two 
nucleons, the famous ‘‘hard core” of the potential. 

What relevance do these considerations have to antinucleons? Well, if the prin- 
ciple of charge conjugation means what we think it does, the above picture of the 
nucleon leads us to Just as complete a picture of the antinucleon. Every virtual 
pion in the fringe and intermediate region is simply to be replaced by a corre- 
sponding antipion. The point I am trying to make is that if we claim to under- 
stand the nucleon-nucleon interaction at large and intermediate distances in terms 
of the corresponding portions of the pion cloud, then we understand exactly as 
much about the nucleon-antinucleon interaction. We are not in the position of 
being able to plead ignorance about the “mysterious” antinucleon. We cannot 
make ad hoe assumptions about the VV interaction at large and intermediate dis- 
tances without the danger of doing violence to well established principles. 


The magnitude of the NV total cross section in itself does not imply that any- 


thing beyond the conventional Yukawa pion-exchange mechanism is involved. 
A classical impact parameter equal to the pion Compton wave length corresponds 
to a total cross section of 130 mb. Thus the astonishing fact, if there is one, is 
that np and pp cross sections are so small, not that pp cross sections are so large. 

The usual theoretical description of the NN interaction differs according to the 
region of structure involved. At large separations, where singly occurring fringe 
pions are dominant, the potential energy is exactly given by 


r 
¢ 


Vie nis T,°T201°Vaoo'V 


where the length unit is the pion Compton wave length. The constant f is the pion- 
nucleon coupling constant and might be called the “pionie charge” of the nucleon. 
The value is such that f?/e = 0.08. Because the pionic charge of the antinucleon 
is the opposite of that for the nucleon, this part of the interaction simply reverses 
sign in the NV system. 

At intermediate distances double pion exchange becomes important, and these 
contributions have the same magnitude and sign in both NN and NN systems. 


(As a general rule, terms due to exchange of an odd number of pions reverse sign 
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while those due to an even number do not.) Unfortunately no reliable expression 
exists for the interaction due to multiple pion exchange, and at intermediate dis- 
tances there also are corrections to the single-pion formula due to nucleon recoil. 
However, if one tends to be optimistic there is reason to believe that the most im- 
portant parts of the interaction at intermediate distances can be and have been 
calculated in terms of one- and two-pion exchange. Thus we are in a position to 
construct, at least roughly, the NV interaction potential, except in the region of 
the core. 

lor the core we must make an assumption, but we are guided by both theory and 
experiment. Theoretically it is clear that there are two distinct contributors to 
the VN interaction. First there are pion exchanges, which are in one-to-one corre- 
spondence with pion exchanges in the NN interaction and which are represented 
by the long- and intermediate-range potential discussed previously. Second, how- 
ever, there is the possibility of annihilation, which has no counterpart in the NN 
system; the annihilation mechanism corresponds in the theory to an absorptive 
interaction whose range is of the order of the nucleon Compton wave length. The 








(0) (b) 


Fig. 4.—The general form of the nucleon-antinucleon potential! 
according to the Yukawa theory. In (a) the outside potential is 
repulsive and (6) attractive. 


experimental fact of significance is the large average number of pions observed in 
NN annihilation. 

Putting these two facts together suggests that the very-short-range part of the 
NN interaction should be represented not by a hard core but by a black hole. 
That is to say, once the cores of N and touch, annihilation is inevitable. If 
virtual pions are formed, there are so many that the chance of all being reabsorbed 
to lead back to the VN system is negligible. 

Betore describing the detailed quantum treatment of this model, let me em- 
phasize its classical significance. We have a small black hole, surrounded some- 
times by a repulsive “wall” (Fig. 4, a) and sometimes by an attractive “well” (Fig. 
1, b). Both situations oecur because the nuclear force has a strong spin depend- 
ence and may be either attractive or repulsive depending on how the spins are 
oriented, 

The cross section is clearly determined by the outer potential. With a repulsion, 
one gets elastic scattering, unless the kinetic energy overcomes the barrier. With 
an attraction, one sometimes gets scattering, but the lower-angular-momentum 
collisions may lead to a spiraling in, followed by absorption, that is to say, annihil- 
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ation. The exact size of the black hole is clearly not important, so our model con- 
tains no free parameters and makes unambiguous predictions. 

ITI.—Ball and Fulco® have made detailed calculations of the proton-antiproton 
cross sections on the basis of this model. Their results are shown as the solid curves 
in Figures | to 3, and the agreement with experiment is evidently satisfactory at 
the energies considered. The model cannot be taken seriously above about 200 
mev, because the fast relative motion of the nucleon and antinucleon invalidates 
the potential concept. 

We may ask at this point how the theory was able to produce the large difference 
between NN and NWN cross sections, with such similar forces in the two cases. 
To answer this question we must understand the underlying reason for the small 
NN cross sections. First of all, the S phase shifts of the V.V system are anomal- 
ously small beeause of a kind of “Ramsauer effect,” a cancellation of the effect of 
the repulsive core against an attractive outside region. The NV system, with the 
repulsive core replaced by a black hole makes full use of the outside potential. A 
somewhat similar phenomenon occurs in the P states where in the NN system a 
repulsive long-range one-pion potential tends to counteract a short-range attractive 


two-pion potential. The reversal of sign of the one-pion part in the VV system re- 


moves this cancellation, giving a strong over-all attraction that accounts for a large 
part of the total plane-wave cross section. 

A final word about what to expect at very high energies, i.e., in the multi-bev 
range. It is very hard to see how the concepts discussed here can lead to large 
annihilation cross sections in this region of energy. We have been depending on 
the pion cloud to deflect the antinucleons inward so that they strike the nucleon 
core and are annihilated. But for antiprotons in the bev range the pion cloud 
cannot do much deflecting. Fringe collisions will lead only to multiple meson 
production, and the annihilation cross section should shrink to the size of the black 
hole that we have been talking about. Exactly what this size is we do not know 
but it must be closer to 10 than to 60 mb. Experiments to determine the very- 
high-energy proton-antiproton cross sections are now being planned. 

* This paper was prepared under the auspices of the U.S. Atomie Energy Commission, contract 
No. W-7405-eng-48. 
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NUCLEAR SPECTROSCOPY 
By I. PERLMAN 
LAWRENCE RADIATION LABORATORY, UNIVERSITY OF CALIFORNIA, BERKELEY 
The title “nuclear spectroscopy” is somewhat too general for what will be covered 
in this paper. Nuclear spectroscopy covers broadly the subject of quantum states 
of nuclei: the means for identifying these states and the theories which give some 


coordination to the observations. In this sense the subject is analogous to atomic 
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spectroscopy, in which one obtains information regarding the eleetronie configura- 
tions of atoms by measuring certain properties associated with these configurations. 
For example, the angular momenta and associated magnetism of electronic systems, 
as well as of systems of neutrons and protons (nuclei), are measurable entities. 
The value of this information is that it serves as the basis for the development of 
models and theories of strueture which weld such information, as well as other, into 
a cohesive whole. 

In spectroscopy one is concerned, in general, not only with the lowest-energy 
or ground-state configuration of a system, but also with the configurations of higher- 
energy or excited states. In the atomic cases, one may measure the absorption or 
emission of light whose wave lengths characterize the energy spacings between these 
states and whose intensities provide information on the structural nature of the 
states. For nuclei, the corresponding electromagnetic radiations are of much 
higher energy and are termed gamma rays; their study provides somewhat similar 
information, 

Radioactive-decay processes in which nuclei of one type transform spontaneously 
into another constitute an important medium for study in this field and have no 
counterparts in atomic spectra. Here the lifetimes, as well as other properties con- 
nected with such transitions, are influenced by the nature of the initial and final 
spectroscopic states in addition to what might be termed the intrinsic characteristics 
of the processes. Beta and alpha radioactivity also serve as the means for produc- 
ing excited states of nuclei from which the gamma-ray spectra may be studied, 

This paper will be concerned with one corner of this very large problem of nuclear 
spectroscopy; in particular, we will be dealing with nuclear states in the heavy- 
element region and how information is obtained from the study of alpha-radioactive 
substances. A few statements will first be made about the nature of the alpha- 
emission process, Which consists of the expulsion from the nucleus of a high-energy 
helium ion. 

(1) Alpha emission is inherently a slow process; indeed, in many nuclei known 
to be thermodynamically unstable toward alpha emission such emission can never 
he observed because of the extremely slow rate. 

2) Its rate is highly energy-dependent. A difference of decay energy of a 
factor of 2 ean cause a change of a factor of 10° in the lifetime. This accounts for 
the fact that some potentially possible alpha-emission processes essentially never 
tuke place, whereas others do so rather rapidly. 

3) A single alpha-radioactive substance emits monoenergeti¢c alpha particles, 
but there may be several such groups corresponding to transitions to excited states 
as well as to the ground state of the product nucleus. When a nucleus is left in an 
excited state, gamma rays are emitted in its de-excitation to the ground state. 

(4) The relative population to various states (seen in terms of numbers of alpha 
particles in each group) involves the superposition of two main factors: (a) the 
energy dependence, which suppresses lower-energy groups, and (b) selection rules, 
which are a funetion of the nuclear structure as such. 

We shall first take a look at what is meant by an alpha speetrum and how it is 
measured, Alpha particles of different energies are separated spatially when they 
traverse a magnetic field, and an alpha-ray spectrograph is simply a large magnet 


and its appurtenances for carrying out this type of analysis. For the spectra which 
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will be shown here, a photographie plate is used as the detector; the particles 
produce individual tracks in the emulsion and these are counted directly under a 
microscope. The positions of the tracks on the plate can be interpreted in terms of 
the energies of the particles. Figure | shows an alpha spectrum for the decay of the 
isotope Th®* to Ra?*4. (Some other peaks not belonging to this isotope also appear 
on this particular plate but are of no particular concern to this discussion.) The 
significance of the symbols and the energy values are explained in the legend for 
the figure. Attention is called first of all to the fact that the different groups are 
rather closely spaced; for example, the groups labeled ‘‘as;7’”’ and “‘as53”’ differ in 
energy by only 0.7 per cent. This implies that an analyzing instrument should 























Fic. 1.-Alpha spectrum of Th?®. Four alpha groups which belong to Th?™ 
decay are shown. The group leading to the ground state has an energy of 
5.421 Mev and is designated ap. Other groups have energies as shown and 
each is further identified by an index such as as; which signifies that the group 
leads to a state in Ra2?*4 which is 84 kev above the ground state. The broken- 
line curve shows the two most intense groups on a compressed scale. 


have rather good resolution. For the spectrum shown here, the widths of the peaks 
at half maximum are something greater than 0.1 per cent of the energy. 

The different peaks shown for Th?** decay represent groups of alpha particles 
going to the ground state (group a) and to the various excited states indicated by 
the respective energies above the ground state. When properly identified, these 


peaks show the positions of the energy levels of Ra?** populated in the alpha decay 


of Th2’s. This, as well as other information, is better summarized in the energy- 
level diagram and decay scheme shown in Figure 2. The peak heights in the alpha 
spectrum are shown in the decay scheme in terms of the percentages of the total 
alpha-decay events. The positions of the various energy levels populated by the 
different alpha groups are calculated to conform with the spacings between the 


alpha groups. The vertical arrows represent gamma-ray transitions between these 
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various excited states and the ground state. Since the gamma-ray energies can 
also be measured, one has available an independent determination of spacings be- 

tween levels. The gamma rays and their in- 
tensities and energies are measured in other 
types of experiments. The symbols opposite 
each energy level on the left are the quantum- 
state designations of the total angular momen- 
tum (spin) number and the parity of the state, 
designated + or —. 

The sequence of the states 0+, 2+, 4+ has 
been interpreted according to the theory of 
Bohr and 
tional band. 


Mottelson as members of a rota- 
This theory starts with the prop- 
osition that nuclei in this region have ellip- 
soidal equilibrium shapes and follows with 
the consequences which this has on types of 
nuclear excitation to be expected. (The theory 
Fic. 2.-Decay scheme for Th?* and — says a good deal more which will not be dis- 
energy levels of Ra®**, Diagonal ar- 
rows Indicate separate alpha groups of 
Figure 1, and the numerical percent- 
ages are the intensities of the groups. 


cussed here.) One form of nuclear excitation 


consists of an effeetive rotation of the nucleus 


The energies in kilovolts for the states 
of Ra®** are indicated at the right of 
the respective levels and at the left 
are the spins (angular momentum 
quantum numbers) and parities ( 

or The vertical arrows represent 
the gamma-ray transitions; entered 
there are the measured intensities and 
energies. (The gamma-ray intensities 
are lower than the populations of the 


and ean have higher and higher modes charac- 
terized by increasing values of angular momen- 
A group of such states is known as a rota- 
One may think of the ground 
state (with 0 units of angular momentum) as 
the base state, with the 2+ and 4+ states con- 
sisting of the same intrinsic neutron and proton 


tum. 
tional band. 


energy levels because the levels also configuration but having an effective rotation 
de-excite by a nonradiative 


the emission of orbital electrons. ) 


pre WSS, 


of the nuclear surface which introduces the in- 
The 


theory has something to say about the energy spacings between members of a rota- 


dicated units of angular) momentum. 
tional band and it will just be pointed out here that the spacings conform closely 
with the requirements for the particular spin designations. Further evidence for 
the correctness of these assignments comes from the analysis of certain properties of 
represents a different form of 


the gamma rays shown. The state designated “1-” 


collective motion of the same intrinsic ground-state configuration. Its assignment 
of spin and parity has been well confirmed by a number of different measurements 
but will not be discussed further here. 

Th®* is characteristic of a whole family of isotopes: those having an even num- 
ber of neutrons and an even number of protons. The spectrum and the energy- 
level diagram derived from it are essentially the same for a wide range of even-even 
nuclei in this region. 

Figure 3 shows the energy-level diagram for Pu?*, a nucleus which has been 
studied in some detail. As indicated on the diagram, information is obtained not 
only from alpha decay, in this case Cm2"", but also from the beta decay of Np?* 
Only a couple of the features of the 
The group of states 


and electron-capture decay of Am2*, 


Pu2* will be mentioned here. 


energy-level sequence of 
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labeled ‘“‘A”’ are members of the ground-state rotational band similar to that shown 
for Ra®*4 in Figure 2, although for Pu®®* several additional members have been 
The states labeled ‘‘( 
resulting from a different mode of collective motion of the nucleus. 
state designations for all of these states are derived from a variety of types of in- 


WW? 


and “D” are thought to be vibrational states 
The quantum- 


observed. 


formation, including the selection rules for alpha and beta decay and the properties 
of the de-exciting gamma rays. 
A point to be recalled here is 
that the existence of all of these 
states was deduced by theory 
from considerations of a heavy 
nucleus which has as its equilib- 
rium shape an ellipsoid rather 
All of the states 
collective 


2+ 


than a sphere. 








represent modes of 


motion and we have not yet 
learned anything about the par- 
ticular quantum states in which 


individual neutrons and protons 





exist. In even-even nuclei, the 





Ae 


particle orbitals do not exhibit 
themselves because the angular 
momenta and associated mag- 
netic properties cancel when par- 
ticles are paired and rather high 


excitation energies are required 








AO 

Fic. 3.—-Energy levels of Pu*** derived from alpha 
decay of Cm? and beta deeay of Np?5%. Symbolism 
follows the same pattern as that for Figure 2. The 
diagram is spread out so that data obtained from the 
separate modes of decay may be better visualized. 
Most of the information embodied in this figure goes 
beyond the present discussion. 


to unpair them. One must ex- 
amine nuclei with odd numbers of neutrons or protons in order to learn some- 


thing about the particular states in which these individual particles can exist. 


The description of the order of filling of nuclear orbitals as one starts from the 
Con- 


sidering neutrons and protons separately, the theory says something about the order 


lightest element and builds upward has become known as the “shell theory.”’ 


in which these should fill into a sequence of quantum states, somewhat analogous 
Although the two 
systems differ considerably in detail, the analogy can be carried one step further in 


to the manner in which the periodic system is constructed. 
that, in the nuclear case, closed-shell configurations appear somewhat like the noble 
gases in the periodic system. 

An important ingredient which appears in these considerations is that the simple 
shell model picture should hold up well only if the nuclei have spherical symmetry. 
This is to say that the form of motion of nucleons (neutrons and protons) will de- 
pend upon the spatial shape of the guiding force field and that different constants of 
motion (quantum numbers) will describe states in different conditions of symmetry. 
Evidence comes from other sources that at and near the closed shells the nuclei are 
indeed spherical, but as one progresses away from the closed shells the nuclei 
S. G. Nilsson, working with Bohr and 
Mottelson in Copenhagen, calculated the types of states and the order of filling 


become distorted into spheroidal shapes. 


which would be expected in such non-spherically-symmetrieal nuclei; Figure 4 is 
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a representation of the results. The ordinate is an energy scale which, for our 
purposes, we may take simply as a means of showing the order in which the quan- 
tum states are filled. The abscissa gives the nuclear eccentricity for which the 
(0 value represents a spherical nucleus. 

If we consider first of all the spherical nucleus and read vertically, we have the 
order of filling of quantum states from nucleon number 82 through 126. This is 
the ordinary shell-model sequence. The designations are the conventional spec- 
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Fira. 4.—Order of filling of levels in spheroidal nuclei for proton 
numbers 82-126. The ordinate is an energy scale which may be 
taken here simply as the order in which the levels are filled. The 
abseissa scale represents the eccentricity of the ellipsoidal 
nucleus; ‘‘0’’ on this scale is a spherical nucleus. The shell 
model order appears for spherical nucleus. In the margin to the 
right are the quantum-state designations for strongly ellipsoidal 
nuclei. (See the text for explanation. 


troscopie symbols showing the orbital components (s, p, d, f, ete.) and the spin. 
There is a preseribed multiplicity of particles, which can fit into one particular 
quantum designation, given by the term 2/ + 1, where J is the spin. For the 
h9/2* states, this would consist of 10 particles. It will be noted that as the nucleus 
departs from spherical symmetry the so-called “degeneracy” decreases; that is, 
the ten states with the same energy break up into five pairs with increasingly diver- 
gent energies, Indeed, the previous description is no longer applicable and a 
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new set of quantum numbers is derived. These appear in the right-hand margin 
and consist of spin and parity and a bracketed term consisting of three index num- 
bers which complete the description but which will not be defined or discussed 
further. It will be noted that the spins applicable to a spherical nucleus are quite 
different for the spheroidal case. The use of this diagram will become more clear 
when we consider a couple of individual cases. 

Let us first look at two nuclei in this region, Np? and Am?!. Np?" may be 
thought of as the even-even nucleus U2** to which has been added one additional 
(unpaired) proton; in this case, the ninety-third. Ina similar vein, we are dealing 
with the ninety-fifth proton in considering Am**!. In both cases we are dealing 
with an even-even core, so that the spin and parity of the resulting nucleus contain- 
ing the odd particle is that of the single odd proton. Measurements have shown 
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Fia. 5. nergy levels of Np?s7 derived principally Irom alpha decay 
of Am**! and beta decay of U?*7.. Symbolism follows the same pattern 
as that for Figure 2. The diagram is spread out so that data obtained 
from the separate modes of decay may be better visualized. Most of 
the information embodied in this figure goes beyond the present dis- 


CUSSION 


that the ground states of both Np?*7 and Am**! have spin 5/2. If one looks at the 


order of filling of spherical nuclei, one would find that the ninety-third and ninety- 
fifth protons should be either 7,3 9 or fz 9 states. However, in the distorted nuelei, 
one can see that quite a different situation is obtained. The broken-line segment 
in Figure 4 indicates approximately the eecentricity of nuclei in this region. If one 
starts from 82 and allows 2 protons to be filled into each position of the line, then 
at the point where 93 and 95 protons appear, it will be noted that there are two 
states with spin 5/2. These are designated with the quantum-number indices 
5/2 + [642] and 5/2 — [628]. It is now known that these two quantum states 
represent, respectively, the ground-state configurations for Np?*? and Am 

Turning to the alpha spectrum of Am?! (which decays to Np**’), it is known 


that only a very small percentage of the alpha particles lead directly to the ground 
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state of Np?*7, This, as well as other information, is summarized in the decay 
scheme and energy-level sequence for Np? in Figure 5. Examination will show 
that only 0.42 per cent of Am**! nuclei decay to the ground state and that a much 
more probable form of decay (84.3 per cent) leads to a state at 59.57 kev. 

A few words must now be said about the meaning of alpha-ray intensities. The 
quantitative expression of alpha-decay theory relates the rate of decay to a func- 
tion of the nuclear charge, size, and decay energy. The theory, even in its simplest 
form, has proved remarkably successful for one large class of alpha transitions: 
these are the ground-state-to-ground-state transitions of the even-even nuclei. 
To be more explicit, the quantitative expression correctly correlates the half lives 
of the known even-even alpha emitters which cover a range of 16”. The common 
ingredient in all these transitions is that initial and final states are identical, in both 
cases 0 spin and even parity (0+). For these, a very simple model serves adequately 
and these “unhindered” transitions serve as the basis for comparisons with other 
transitions in which the process is more complicated. Returning now to the alpha 
decay of Am**!, Figure 5, we find that one alpha group only appears to be un- 
hindered by the above definition, that is, the relationship of its lifetime to its energy 
and other pertinent properties appears to be just the same as if it were the ground- 
state transition of an even-even nucleus. The particular alpha group here leads 
to the state labeled “B 5/2-,” which lies 59.57 kv above the ground state of Np?*’. 
We have learned to recognize such transitions as those which take place between 
identical nuclear configurations; in this case, the 59.57-kv state of Np?*7 is identical 
with the ground state of Am?*! which gives rise to the alpha-emission process. The 
other states in Np? labeled “B” but with increasing spins are rotational members 
of this base state. It will be noted that the alpha transition to the ground state of 
Np**? is highly hindered, as evidenced by the low intensity of the alpha group lead- 
ing to this state. Although the ground-state spins of Am*!! and Np?*7 are both the 


?), the configurations which give rise to these resultant spins are quite 


same (5/2), 
different, as can be seen from the two states shown in Figure 4, 5/2 — [523] and 
5/2 + [642]. The point to be emphasized here is that by the study of the alpha- 


decay process, as well as other processes not discussed here but embodied in Figure 
5, it is possible to make spectroscopic designations for the various states of these 
two nuclei. In particular, the ground-state configuration of Am?**! appears as 
one of the excited states of Np?*?, whereas the ground state of Np**? is a different 
configuration, These assignments, in turn, can be correlated in terms of an ex- 
pected order of filling of particle states, as diagrammed in Figure 4. 

The above-mentioned type of correlation is summarized for a few other cases 
in Table 1: here the Nilsson orbital designations are shown as column headings in 
expected order of filling from left to right. Again it will be seen that the ground 
state for Np**? is the 5/2 + [642] configuration. Furthermore, it is found that 
Np?® and Np**’, also with 98 protons each, have the same configuration for their 
ground states. Continuing, the three americium isotopes have a different but com- 
mon configuration for their ground states. It will also be noted that the ground- 
state configurations for the americium isotopes appear as excited states for the 
neptunium isotopes and vice versa. The designations for proton number 91, 
protactinium, and 97, berkelium, are also included in this table and the particular 


quantum states can again be found in Figure 4. 
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TABLE 1 
CLASSIFICATION OF SOME NUCLEAR LEVELS IN IsoTOPES OF ELEMENTS 91-97 
The column headings from left to right are the Nilsson orbitals for protons in expected 
order of filling for proton numbers 91-97. The symbol “0” indicates that the orbital at 
the head of the column represents the ground state for the particular isotope. Other 
numbers in the table refer to the energy (in kev) for states with the designated assignments. 


Isotope Proton 


Number 1/2 (530} 5/2 + [642] 5/2 [523] 3/2 — [521] 

Pa?! 9] 0 84 

Pa233 9] 0 86 

Np*4 93 0 18 

Np? 93 267 0 60 

Np?39 93 0 75 

Am?89 95 187 0 

Am?**! 95 206 0 

Am?43 95 84 0 

Bk?43 97 0 
Bk? 97 ; 0 
Bk? 97 0 


The nuclei cited here for illustration have all been those with an unpaired proton, 
but with paired neutrons. A similar system has been worked out for the even-odd 
nuclei, that is, those with an even number of protons but an odd number of neutrons, 
and although the quantum states are different, the principles are the same. A great 
deal of detail has been worked into the classification of nuclear states in the last 
few years, but a great amount of information is still uncorrelated and will undoubt- 
edly demand some further refinements of the theory before it can be explained 
adequately. 

Attention will now be turned to some refinements in experimental methods which 
have already proved valuable in investigating alpha spectra. The cases chosen for 
illustration in the preceding discussion have all involved energy levels which are 
fairly widely spaced, that is to say, the energy spacing between alpha groups is 
great compared with the peak widths as determined with the spectrograph. In 
Figure 6 we have a partial spectrum of Th2? illustrating the situation which is 
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obtained when energy levels are closely spaced. On the left is a partial spectrum 
taken using the instrument with resolution as appeared in the preceding figures. 
The operating conditions are such that the peak width is about 0.1 per cent of the 
energy of the peak. It can readily be seen that more than one alpha group is 
present, but resolution into the several components is rather difficult. On the right 
one sees the same part of this spectrum taken with about threefold better resolu- 
tion. Here it is seen that the complex array has been nicely resolved into four 
separate groups. The details of the refinement of technique and the instrument im- 
provement necessary to obtain this increased resolution will not be discussed here, 
other than to say that it resulted from the summation of a number of minor im- 
provements. Figure 7 shows a still further improvement in resolution, this time 
in terms of the partial alpha spectrum of Cm***. The widths of the peaks at half 
maximum, 1.3 kev, may well be approaching the maximum resolution possible. 
The energy difference between initial and final states is much more sharply defined 
than this; but the emerging alpha particle does have some interaction with the 
electronic shells, which spreads the energy in a nonreducible form. 
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ALPHA PARTICLE ENERGY 

Fic. 8.-Low-intensity peaks in the alpha spectrum of some 
mixed californium isotopes. The figure on top illustrates the 
background due to scattered alpha particles of the high-intensity 
peaks. The broken line labeled ‘0.02°;)”’ is the height a peak 
would have if its intensity were 0.02 per cent of the total alpha 
particles. The same spectrum is shown in the lower figure after 
altering the spectrograph to eliminate most of the alpha particle 
scattering. 


Another important technical problem in alpha spectroscopy is the facility for 
detecting alpha groups of very low intensity in the presence of much more intense 
groups. Due to scattering at the source and throughout the instrument, a small 
percentage of alpha particles are degraded in energy and appear as a continuum, 
thus creating a “baekground.” This situation is illustrated in the top part. of 
Figure 8, which shows the low-intensity part of the alpha spectrum of a mixture 
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of californium isotopes. The horizontal broken line labeled ‘0.02%” 
the peak height for a group which would have that intensity relative to the total 
alpha particles. It is seen that the general background is considerably higher than 
this value, and, in fact, some of the peaks which are sketched in are hardly justifi- 
able in view of the scatter of the data. The bottom part of Figure 8 shows the same 
part of the spectrum taken under much improved conditions, as shown by the line 
illustrating the peak height of 0.02 per cent. All of the peaks are seen much more 
clearly and, in addition, one or two have showed up which were completely ob- 
scured under the other conditions. The principal change in technique which re- 
sulted in this improvement consisted of lining the interior of the spectrograph with 


indicates 


very-low-atomic-number material which has the desirable effect of reducing low- 
angle scattering of alpha particles. 

In summary, we may say that during the past few years very important ad- 
vances in theory, as well as in experimental technique, are beginning to result in 
a systematic assignment of nuclear spectroscopic states and an interpretation of 
these states in terms of some detailed knowledge of nuclear structure. In this 
discussion, attention has been confined to one aspect of a very broad problem, 
namely, that having to do with spectroscopic states in the heavy-element region 
deduced from the alpha-decay process. There are many other experimental 
methods which are brought to bear on this problem, some of which have been 
touched upon in a peripheral sense in this discussion and others not mentioned at 


all. 


In concluding these remarks, I wish to acknowledge my debt to my colleague, 
Dr. Frank Asaro, who was responsible for much of the experimental work presented 
here and who prepared most of the illustrations. 


* The spins of nuclei having an odd number of nucleons have half-integral values; those for 


even numbers are integral. 


RECENT WORK WITH THE TRANSURANIUM ELEMENTS 
By GLENN T. SEABORG 


LAWRENCE RADIATION LABORATORY AND DEPARTMENT OF CHEMISTRY 
UNIVERSITY OF CALIFORNIA, BERKELEY 


In this discussion of the heaviest known elements, I intend to describe some recent 
research which appears to offer the most promise for future investigations. As a 
general background, I shall review briefly the history and properties of the trans- 
uranium elements. 

The first transuranium element to be discovered, neptunium with atomic number 
93, was identified by E. M. MeMillan and P. H. Abelson at the University of Cali- 
fornia in Berkeley in 1940. Plutonium, element 94, was discovered the following 
year. Soon after, the impetus of wartime work resulted in the intensive investiga- 
tion of plutonium and the discoveries of americium (element 95) and = curium 
(element 96); and, in the postwar years, berkelium (element 97), ealifornium (ele- 


ment 98), einsteinium (element 99), fermium (element 100), mendelevium (element 
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101), and element 102 have been prepared and identified. For all practical pur- 
poses, these elements are synthetic in origin; in fact, all of them have been dis- 
covered as the transmutation products of other elements, and our current supplies 
of the transuranium elements have been prepared in this way. ‘Traces of neptu- 
nium and plutonium, however, do occur in nature in uranium ores, being produced 
by the action of the neutrons that are present. All of the known transuranium 
elements have been found to belong to a rare-earth-like series of elements 
which begins with actinium and presumably ends with the undiscovered element 
103. This series, called the actinide series, is similar in chemical properties to the 
lanthanide or rare earth series. The position of the actinide and lanthanide ele- 
ments in the periodic table is shown in Figure 1. As in the rest of the periodic 
table, the elements in vertical columns are chemical homologues: thus the homo- 
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Fic. 1.—Periodic table of the elements showing the heavy elements as members of an actinide 


series. 











logue of the newly discovered element 102 is ytterbium; that of mendelevium, 
terbium; ete. This chemical resemblance between corresponding members of the 
two series, particularly with respect to their ion-exchange behavior, has been the key 
to the discovery of most of the transuranium elements. 

One of the recent accomplishments in the field of the transuranium elements has 
been the determination of the electronic structure of the ground state of curium.! 
The electronic structures of the ground states of all the elements in the first half of 
the actinide series are now known and constitute some of the best presently available 
evidence for the actinide concept, i.e., that the elements from actinium through 
element 103 are members of a second rare earth group in which the 5f electron shell 
is being filled. The similarity between the electronic structures of corresponding 
members of the actinide and lanthanide series can be seen in Table 1. Here the 
known electronic structures for all the lanthanide elements and for the actinide 
elements through curium are given. Also included are the predicted, but not yet 
determined, electronic configurations for the transcurium elements. 
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The electronic configurations of curium and most of the preceding actinide ele- 
ments were determined by studies of the hyperfine structures of free atoms using 
the atomic beam technique. In combination with chemical, paramagnetic, optical, 
and erystal structure data, these investigations have made it possible to assign 


ground state electronic configurations. The atomic beam technique is adaptable 


to the use of tracer amounts and thus offers much promise for the determination of 
the electronic structures of elements not available in weighable or macroscopic 
amounts, presumably including at least some of the transcurium elements. The 
basic elements of the method are as follows. <A crucible is filled with the material 
under investigation and heated to 1000—3000°C to produce a beam of neutral atoms 


TABLE 1 
ELECTRONIC STRUCTURES OF ACTINIDE AND LANTHANIDE ELEMENTS 
(Predicted structures are given for the transcurium elements) 


Actinium 6d7s? 57 Lanthanum 5d6s? 
Thorium 6d?7s? 58 Cerium tf6s? 
91 Protactinium 5f*6d7s? 59 Praseodymium $f Gs? 
92 Uranium 5f*6d7s? 60 Neodymium tf 6s? 
93 Neptunium 5f*6d7s? 61 Promethium £ fs? 
94 Plutonium 5f*7s? 62 Samarium $/°6s? 
95 Americium Sf77s? 63 Europium $f76s? 
96 Curium 5f76d7s? €4 Gadolinium 1f75d6s? 
97 Berkelium 5fs6d7s? 65 Terbium $f 6s? 
or 
5f°7s? 
98  Californium 5f 7s? 66 Dysprosium £6 s? 
99  Einsteinium optts* 67 Holmium tf'Gs? 


100 Fermium 5f1778? 68 Erbium $f 16s? 


101 Mendelevium of 37s? 69 Thulium $f136s? 
102 102 of'*78* 70) Ytterbium tf 46s? 
103 5f6d7s? 71 = Lutetium $f'45d6s? 


which passes through a system of collimating and analyzing slits and three magnets, 
two of which produce deflecting fields. The system is arranged so that normally 
no atoms can reach the detector. If, however, an appropriate transition between 
magnetic substates in the atoms is induced in the homogeneous field produced by 
the third magnet, a portion of the beam can reach a detector. One can thus study 
the hyperfine structure of free atoms, which is a function of both electronic and 
nuclear structure, by this experimental method. The hyperfine structure interac- 
tion involves predominantly the interaction of the nuclear magnetic dipole moment 
with the magnetic field at the nucleus arising from valence or unpaired electrons. 
The principal electronic information derived is the electronic angular momentum 
and Lande g-factor of all electronic states within several thousand e¢m~! of the 
ground state. 

Increasing amounts of the heavier transuranium elements are becoming avail- 
able, being prepared by the neutron irradiation of plutonium or higher elements 
for long periods of time in a high flux reactor such as the Materials Testing Reactor 
in Arco, Idaho. Just last year (1958),8.G. Thompson and B. B. Cunningham? sue- 
ceeded in isolating for the first time weighable amounts of berkelium and californium 
which had been synthesized by the approximately five-year neutron irradiation of 
about eight grams of Pu?** and its transmutation products. The reaction paths for 
this method of preparation are shown in Figure 2. Prior to these isolations, studies 
of berkelium and californium were made with tracer amounts of material, and enough 





474 PHYSICS: G. T. SEABORG Proc. N. A. 8. 


was known from such investigations to permit isolation of the two elements from the 
plutonium and transmutation products present, the final concentration and purifica- 
tion being accomplished by 
Fm>* ~—itthe ion-exchange technique. 

253 Ion-exchange — separations 
are performed by a method 
which can be outlined briefly 

244 


Cm 249 as follows. The = solid ion- 
Cm 


E 
250 
Cf Ct 








exchange resin (an organic 
243 polymer with, in this example, 
exchangeable cations) is stirred 





Pu 
240 242 244 246 248 250 252 254 : : , - : : . 

mieie sani <A into an aqueous solution con- 

taining tri-positive actinide or 

Fic. 2.—Nuclear reactions for the production of heavy 

isotopes by intense slow neutron irradiation. Neutron 

capture reactions are interspersed with beta decays. the exchangeable cations of 


lanthanide ions which replace 


the resin. (Similar separa- 
tions can, of course, be made using a polymer with exchangeable anions, in 
which case, the actinide or lanthanide elements must be present in the initial 
solution as complex ions.) This solid resin is then usually placed at the top 
of a glass column filled with untreated resin. <A solution containing anions 
that form complex ions with the actinide or lanthanide, the eluant, is poured 
through the column to effect their removal. The drops of eluant are collected and 
analyzed from their radioactive properties. Solutions of chloride, nitrate, lactate, 
citrate, or alpha-hydroxyisobutyrate, for example, can be used as the eluant. The 
adsorption and elution reactions can be written as follows: 


M+*® (aq) + 3NH4R(s) @ MR,(s) + 3NH4* (aq) ADSORPTION STEP 
M+* (aq) + 4A~(aq) @ MA,~ (aq) KLUTION STEP, 


where ./ represents the actinide or lanthanide ion; NH,R, the ion-exchange 
resin, ammonium ions being the exchangeable cation in this case; and A~, the 
eluant. The actual formula for the complex ion (given here as J/A4~) or ions 
may be more complicated and may not be known. These two reactions, of course, 
occur many times during the passage of the eluant down the column. In certain 
systems the actinide and lanthanide elements are eluted in the inverse order of 
their atomic numbers, as is illustrated in Figure 3. 

Thompson and Cunningham isolated 0.23 microgram of berkelium (as Bk**?) 
and 0.06 microgram of californium (as a mixture of the isotopes Cf249, Cf28", Cf, 
and Cf?) and attempted to measure two macroscopic properties of the elements, 
the absorption spectrum and the magnetic susceptibility of their tripositive ions. 


The data obtained for the absorption spectra of Cf+* (and Dy** for purpose of 


comparison) in dilute hydrochloric acid are summarized in Figure 4. Visual ob- 
servation failed to reveal absorption for either ion in the region from about 4600 
to 7400 A, but a photographic method showed that broad and quite faint absorp- 
tion bands occur in ecalifornium around 7,800 and 8,300 A. Rough estimates 
indicate that the absorption intensities are much weaker than those observed 
in the lighter actinides and, in fact, have intensities comparable to those found 
typically in lanthanide ions. This indicates that as the 5f electron shell becomes 
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more deeply embedded in the second half of the actinide series the elements begin 
to resemble the lanthanide elements even more. The magnetic susceptibilities 


of the tripositive ions of 





berkelium and ealifornium Lu Tm Tb 


were measured over the tem- 


ae eR 


perature range 77 to 298°K. 


T 


In Figure 5 the data obtained 


1 


for californium (and gadolin- 
ium for comparison) are 
shown. Results obtained for 
both berkelium and __ eali- 


Tt ereee 


fornium show a close agree- 


T 


ment with the predicted values 


T 


as may be seen from Figure 6. 
In this figure are plotted the 
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do not expect to find isotopes 











of fermium and higher elements with sufficiently long half lives to permit their 
traditional isolation in macroscopic quantity, although new techniques permitting 
special measurements, such as measurement of spectroscopic properties of gaseous 
atoms, may be developed. 

As successive elements have been discovered, known techniques for their prep- 
aration and identification have been refined and new ones devised for application 
to the investigation of the next new element. Einsteinium and fermium were 
not, however, discovered as the result of such careful preliminary planning. Their 
discoveries were the unexpected results of routine chemical identifications of fall- 
out materials from the first test thermonuclear explosion, the “Mike” shot which was 
staged in the Pacific Ocean area on November 1, 1952. It is possible that if these 
materials had been examined very soon after the explosion elements of atomie 
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Fic. 4.—The solution absorption spectrum of Cf ** (and Dy *8 


for comparison). The wave-length range between the dotted 
lines was explored. 


number greater than 100 would also have been found. But owing to the short 
half lives predicted for these, any such elements which were present would have 
disappeared before the chemical investigations were completed. Thermonuclear 
explosions do offer good possibilities for producing new heavy isotopes of known 
elements and perhaps even new elements if the products can be recovered in better 
yield than has yet been possible. 
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The occurrence of heavy isotopes such as the previously unknown Pu?*** and 
Pu’ in the explosion debris suggested that very heavy uranium isotopes had been 
formed in the explosion by the irradiation of the uranium in the device by the ex- 
tremely high neutron flux that existed for microseconds. Neutron capture occurred 
during this very small fraction of a second, and since beta decay, will not, in general, 
proceed with a half life shorter than about 0.1 second, there was no opportunity for 
beta decay to occur during the synthesis. The nuclides found in the explosion 
debris were formed by the subsequent beta decay of the heavy uranium isotopes. 
Figure 7 shows the reaction paths by which these heavy elements were produced. 
Thus, for example, the preparation of Fm*® was via the synthesis of U2 by neutron 
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8 
capture in U2 followed by a long chain of short-lived beta decays, U%* — Np®® 
8 8 
—> Pu =... Fm, all of which occurred after the neutron capture reactions were 
completed. 
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in the positive identification of both 
In order Fic. 7.—Nuclear reactions for the production 
’ of elements 99 and 100 in the first test thermo- 
to secure larger amounts of source nuclear explosion, November 1, 1952. 


einsteinium and fermium.* 


material, it was necessary to gather 

up many hundreds of pounds of coral from one of the atolls adjoining the explosion 
area. Eventually such material was processed by the ton, the pilot plant for this 
going under the optimistic name of ‘‘Paydirt.”’ 

The fact that mendelevium was successfully identified as a transmutation product 
of a target consisting of only about one billion atoms was due in large part to a new, 
efficient separation method devised for these experiments. This new method, the 
recoil technique, was later applied in work leading to the discovery of element 102 
and presumably can be used in future work on new elements. 

Plans for the preparation of mendelevium required the bombardment of the 
maximum available quantity of einsteinium in the form of E** with helium ions in 
the 60-inch cyclotron at the University of California in Berkeley. Only about 10° 
atoms of E%* were available as a result of its production in the Materials Testing 
Reactor at Arco, Idaho, as illustrated in Figure 2. The number of atoms of men- 
delevium, N, expected in each bombardment was calculated by the formula N & 
N’olt, where N’ is the number of einsteinium atoms used as a target; o, the cross 
section or probability for the reaction; 7, the intensity of the helium-ion beam; and 
t, the effective time of the bombardment. The cross section for the reaction was 
predicted to be about 10~-*” sq em on the basis of the known values for previously 
observed similar reactions. As a result of some fundamental changes in the 60-in. 
cyclotron the intensity of the helium-ion beam was increased to 10" particles per 
second per square centimeter. Predictions indicated a half life of the order of 
hours for the expected isotopes, so an effective value for t of 104 see was used. 
Substituting these numbers in the equation we obtain: N & (10%)(10~27)(10'4)- 
(104) & one atom per experiment! In addition, there was the formidable task of 
separating this one atom from the target material and effecting its chemical iden- 
tification. 

A preliminary separation of the atoms of mendelevium from the einsteinium in 
the target was accomplished with the new recoil technique, which is illustrated 
schematically in Figure 8. The target was prepared by plating the einsteinium 
as a very thin layer onto a gold foil. A beam of helium ions was sent through the 
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back of the foil so that the atoms of element 101, recoiling due to the momentum 
of the projectiles, could be caught on a second gold foil, the “catcher” foil. This 
second foil was dissolved and the chemical separations performed. Chemical 
identification was accomplished in an ion-exchange experiment involving the com- 
bined products from three successive bombardments in which a total of five spon- 
taneous fission counts, and hence five atoms, was observed in the element 101 elution 
position.* The first mendelevium isotope discovered has the mass number 256 
and decays by electron capture with a half life of about an hour to Fm*® which 
is responsible for the spontaneous fission decay. The fact that the radioactive 
decay involved the spontaneous fission process was a fortunate circumstance, 
since this mode of decay has a high, almost 100 per cent, detection efficiency and 
zero background. In later confirmatory experiments using larger amounts of 
K8 in the target, hundreds of atoms of mendelevium per experiment have been 
prepared. 

A second isotope of mendelevium with mass number 255 has recently been pre- 
pared and identified by a group at the Lawrence Radiation Laboratory.> It was 
prepared by the helium-ion bombardment of E*** and was separated in much the 
same way as the first isotope of mendelevium to be discovered. The new isotope 
has a half life of about a half hour and decays by electron capture. 
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Fig. 8.—Schematic drawing showing the experimental arrangement used in the dis- 
recoil technique. covery of element 102 


Fig. 9.—Schematice drawing showing the 


The most recent research on the transuranium elements includes the synthesis 
and identification of an isotope of element 102. 

In 1957, a team of scientists from Argonne National Laboratory in the United 
States, the Atomic Energy Research Establishment in England, and the Nobel 
Institute for Physics in Sweden announced the discovery of an isotope of element 
102 as a result of research performed at the Nobel Institute.6 The isotope was re- 


13(+4) jons and 


portedly produced by bombarding Cm?**4 with ecyclotron-produced ( 
reported as decaying by the emission of 8.5 mev alpha particles with a half life of 
about ten minutes. The name nobelium was suggested by this group for element 
102. Unfortunately neither experiments using the facilities at the University of 
California in Berkeley nor related experiments performed in the U.S.S.R. have 
confirmed this Stockholm work.?: § 

In 1958, a group at the University of California reported the positive identifica- 
tion of the isotope 10274 as a product of the bombardment of Cm?“* with C!? ions 
accelerated in the new heavy ion linear accelerator (Hilac) at Berkeley. The 
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new element was detected by the chemical identification of its known daughter 
Fm*® which decays by the emission of 7.43 mev alpha particles with a half life of 
30 min. The removal of the element 102 isotope from the target material and the 
separation of the daughter element from the parent element 102 were performed by 
the use of a new method in which two physical separations were performed. Figure 
9 shows a schematic drawing of the experimental arrangement. The target con- 
sisted of curium deposited on a thin nickel foil and was enclosed in a container 
filled with helium gas. The curium was bombarded with C' ions and the trans- 
muted atoms were knocked into the helium gas to absorb their recoil energy. With 
a sufficient electric field strength it was found that practically all of these positively 
charged atoms could be attracted to a moving, negatively charged metallic belt 
placed directly beneath the target. The belt was then passed under a foil (the 
catcher foil) which was charged negatively 
relative to the belt. Approximately half 
of the element 102 atoms undergoing ae 
radioactive decay by alpha-particle emis- 
sion would cause their daughter atoms to 


Y 


i g*>5 
io 


recoil from the surface of the belt to the 
catcher foil. The catcher foil was cut 
transversely to the direction of the belt 
motion into five equal length sections 


RELATIVE ACTIVITY 


|. 
after a time of bombardment suited to the 


half life of the daughter atom to be ex- 
amined, and each section was analyzed 
simultaneously in counters. All of the | ! Ul | 


io. 20 40 


TOTAL COUNTS OF Fm?°° 


desired measurements could be made for 
. 7 VOLUME OF ELUANT 
identifying the daughter atoms caught on 
the catcher foils and thus the half life of Fig. 10.—Elution data obtained in the dis- 
: oe covery experiments of element 102 showing 
the parent of the recoiling atoms could be the Fm?” daughter of 10225. The Tm 
that Fm?  Y, E*’, and Cf*? activities were added as 
‘oes tracers for calibration purposes. Dowex-50 
could be collected on the catcher foil in ion-exchange resin was used, and the eluant 
accordance with a parent half life (i.e., 8s ammonium alpha-hydroxyisobutyrate 


half life for 102%54) of 3 see. Changing 
the belt speed was found to change the distribution of the Fm*® on the catcher foil 


determined. It was found 


in a manner conforming to a 3-see parent. 

The isotope Fm” was identified chemically by dissolving the radioactive material 
from the catcher foil and separating it from the other actinide elements by the ion- 
exchange method. Figure 10 shows the elution curve obtained in an experiment 
where nine atoms of Fm*° were observed in the element 100 position. 

In experiments starting in 1957 and continuing in 1958, a group at the Atomic 
Energy Institute in Moscow has produced an isotope, emitting 8.8 + 0.5 mev alpha 
particles, in the bombardment of Pu**! (and Pu**?) with high energy O" ions ac- 
celerated in their cyclotron... This product was separated from the target by the 
recoil technique and the energy of the alpha particles was measured by use of a 
photographie emulsion technique. No chemical identifications were made. It 
is quite possible that this alpha activity is due, at least in part, to the isotope 102% 
identified by the Berkeley group. 
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Although the name nobelium for element 102 will undoubtedly have to be 
changed, no suggestion for a new name has been made as yet. 

On the basis of knowledge of the ten known transuranium elements, it has be- 
come possible to predict the nuclear and chemical properties of undiscovered ele- 
ments with atomic numbers greater than 102.'!° The undiscovered elements up to 
element 118 can be given positions in the periodic table as a consequence of having 
determined the point of filling of the 5f electron shell which occurs at element 103 
and the chemical properties of all these elements can be estimated to the extent 
that membership of any element in a certain group or column in the periodic table 
foretells its chemical properties. It is expected that the actinide series will be 
completed at element 103 and that elements 104, 105, 106, ete., will be fitted in 
under hafnium, tantalum, tungsten, ete. The filling of the 6d electron shell should 
be followed by the addition of elements to the 7p shell, with the rare gas structure 
being attained at element 118. 

Owing to the short half lives expected for the elements beyond element 102, 
it is possible that the present criteria for the discovery of a new element, chemical 
identification by traditional methods and separation from all previously known 
elements, will have to be changed at some point. Careful investigations of decay 
properties and reaction yields and mechanisms, together with the use of the recoil 
technique combined in some cases with the chemical identification of daughter 
isotopes, should provide means for the satisfactory identification of isotopes with 
very short half lives. Decay properties may have to be measured at the target 
area, on recoil-product nuclei, during the bombardment. In some cases, it may 
be possible to make a satisfactory identification of a new element isotope by using 
simple and fast methods involving the migration of gaseous atoms or ions, volatility 
properties, reactions with surfaces, or gas-flow reactions. It is likely that the iden- 
tification of the first isotopes of all the new elements that will be discovered in the 
future will be accomplished by such methods, and the production of isotopes of 
these new elements with sufficiently long half lives to allow chemical identification 
by traditional methods will follow later if this is possible at all. Regardless of the 
method used, evidence for the discovery of a new element should include a reason- 
able establishment of the atomic number and this requires more than the observa- 
tion of predicted decay properties and yields. The establishment of a unique 
genetic relationship with a known lower element, such as was done for element 102, 
may be taken as the required additional information. It may not, however, be 
possible to satisfy these requirements when the preparation and detection of ele- 
ments substantially farther up the atomic number scale is under investigation some 
years from now. 

About seven dozen isotopes in the transuranium region are known, and it has 
been possible to determine very precisely many of their nuclear properties. This 
has led to a systematization of radioactive decay data so that the decay properties 
of undiscovered nuclides can generally be successfully predicted. The predominant 
mode of decay of the transuranium elements is by alpha-particle emission, but 


decay by the spontaneous fission process becomes more and more important as the 
In fact, this latter mode of 


elements of highest atomic number are approached. 
decay begins to proceed at a rate comparable to decay by alpha-particle emission 
for some isotopes by the time element 100 is reached. Data for spontaneous fission 
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have also been correlated in a manner which makes predictions for undiscovered 
isotopes feasible. In both the alpha and the spontaneous fission modes of decay, 
the regularities have been found to be greatest for nuclei which contain an even 
number of neutrons and an even number of protons, thus making predictions of the 
properties for undiscovered isotopes of this type the most certain. For isotopes 
with an odd number of protons or an odd number of neutrons or an odd number of 
both protons and neutrons, the rate of decay by both alpha decay and spontaneous 
fission is slower than for the regular even type. Figure 11 shows the predicted 
half lives (indicated by a broken line) of the longest lived isotopes for elements up 
to element 110. Unless unexpected islands of stability due to closed neutron or 
proton shells are found, the predictions based on the regularities in the decay prop- 
erties suggest that it should not be possible to produce and detect additional ele- 
ments beyond another half dozen or 
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interesting possibility. 


in better yield than has yet been 
possible. 

Synthesis by heavy-ion bombardments is the most feasible method presently 
known for the preparation of elements of high atomic number. Isotopes of eali- 
fornium, einsteinium, and fermium have been produced by the bombardment of 
uranium with carbon, nitrogen, and oxygen ions, respectively, and element 102 
was discovered as a product of the bombardment of curium with carbon ions. These 
heavy ions can be accelerated in cyelotrons of the conventional type, but specifically 
designed cyclotrons and linear accelerators which will be devoted to the accelera- 
tion of heavy ions to energies sufficient to transmute the heaviest nuclei are also 
coming into operation in several laboratories throughout the world. An example 
is the new heavy ion linear accelerator (Hilac) at the University of California in 
Berkeley. In the U.S.S.R. the heavy ion cyclotron at the Atomic Energy Institute 
in Moseow is soon to be supplemented with a new, superior, and more versatile 
one designed to produce large beams of heavy ions, including ions as heavy as those 
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of magnesium and aluminum; this should greatly extend the range of experimental 
work that can be done in this laboratory. 

The lack of target materials of high atomic number is a most serious problem. 
We have a program in progress in the United States for the production of milli- 
gram amounts of berkelium and ecalifornium and microgram amounts of einsteinium. 
According to present plans, about one milligram of Cf*? should be obtained in 
about 1968. In order to prepare these elements on a more reasonable time scale, 
new, expensive, high-flux reactors producing 10" to 10'® neutrons per square centi- 
meter per second are needed. 

In conclusion, it appears that the addition of new transuranium elements to 
the periodic table can be expected and that their study will add much to our knowl- 
edge of atomic and nuclear structure. 
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SECONDARY STRUCTURE IN RIBONUCLEIC ACIDS* 
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DEPARTMENT OF CHEMISTRY, HARVARD UNIVERSITY 
Communicated January 29, 1959 


Deoxyribonucleic acids, though consisting of polymeric chains capable of taking 
up an infinite variety of individual configurations, have stable, double-stranded 
configurations in aqueous solution providing the temperature does not exceed a 
critical value that depends on the ionic strength of the solution. Likewise, synthetic 
homopolyribonucleotides spontaneously join together in certain pairs and triplets 
to form helical configurations. In all of these cases, the formation of unique and 
essentially complete configurations is a result of the most efficient way of allowing 
the maximum number of hydrogen bonds to form. Thus, the primary structure 
of chemical bonds is held in a unique secondary structure, or configuration, due to 
hydrogen bonds assisted to some extent by van der Waal’s forces. By contrast, 
ribonucleic acids do not exhibit such asymmetric, helical configurations, but behave 
instead as irregularly coiled, relatively compact, single polymeric chains. Although 
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the hydrogen-bond forming potential of RNA is as great as that of the polyribonu- 
cleotides and DNA, its gross configuration in solution does not reveal any such 
secondary structure. Yet, the compactness of its shape suggests significant num- 
bers of intrachain contacts that may be hydrogen bonds. If these exist they may 
be localized and organized in such a way as to justify their designation as secondary 
structure. In this paper we attempt to evaluate this possibility by bringing to- 
gether relevant parts of several investigations of DNA, RNA, and polyribonucleo- 
tides that we have been pursuing independently. 

In a search for organized regions of chain structure, that is secondary structure, 
imbedded within an irregular coil, our perception is greatly improved by recent 
and current studies on the transition from completely helical to irregular structures 
in both polypeptides and polynucleotide chains. We will elaborate on this point 
first, and then take up the detection of helical configurations in DNA and poly- 
ribonucleotides and the measurement of their stability. With this done, induced 
changes in optical density, optical rotation, and reactivity of RNA will be evaluated 
in terms of helix-coil transitions and the validity of these observations, as evidence 
for a secondary structure of RNA, will then be discussed. 

The Nature of the Helix-Coil Transition.— Within the last few years it has been 
demonstrated that synthetic polypeptides,': * a few proteins such as tropomyosin,*: * 
and collagen,’ as well as DNA® 7 and some two- or three-stranded complexes of 
synthetic polyribonucleotides can exist in solution as long, rigid helices having a 
one-dimensional periodicity. These unique structures can be destroyed leaving 
only randomly coiled chains in their place, either by raising the temperature above 
a rather sharply defined value, or by adding to the solution at constant temperature 
additives which weaken the hydrogen bonds that stabilize the helical structure. 
Any substance which will compete successfully for the hydrogen bonds can be used 
Hydrogen or hydroxyl ions are also effective additives because they can increase 
the charge on the helix to the point where it cannot withstand the added elec- 
trostatic repulsion or they can destroy the hydrogen bonds. In the former case 
the effect is moderated by ionic strength. Because of the one-dimensional periodicity 
in the helical structure, the conversion to disordered randomly coiled chains is 
aptly termed “melting.” Detailed study of such transitions has confirmed the 
expectation that they occur over relatively narrow temperature ranges when the 
melting is produced by raising the temperature, or over relatively narrow ranges 
of solvent composition when additives are used. 

In the experimental work described here the thermally induced transition or 
melting has been used almost exclusively because in a given solvent the tem- 
perature of the transition is a direct measure of the relative stability of a series of 
related structures. Furthermore, in those instances where the helix-coil transi- 
tion is reversible the helical form is restored simply by cooling, in contrast to 
lengthy dialysis procedures or titrations required in the case of additives. 

In principle, the helix-coil transition can be followed by any experimental 
quantity responsive to the configurational change, for example the sedimentation 
coefficient. In practice, however, it has turned out to be much simpler to use 
optical methods whose relation to configuration is empirically established by 


comparison with physical measurements directly linked to macromolecular con- 
figurations. Thus, optical rotation was found to be very sensitive to the con- 
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figuration of polypeptides?: * '* and once the values characteristic of the helical 


and coil forms were established, it has proved to be a very efficient way of fol- 
lowing this transition. The extinction coefficient at the peak of the near ultra- 
violet absorption band has played a similar role in DNA'™ and synthetic poly- 
nucleotides ;*: ’: '! this is elaborated further below. 

With the means at hand of following the transition in detail, it is possible to 
record the whole profile of the transition as a function of temperature in a routine 
manner. ‘This provides not only an accurate assessment of the midpoint, which 
we shall refer to as the melting temperature (7’,,), but the breadth and asymmetry 
of the transition as well. 

The discovery of these transitions and the recognition that they could be ac- 
curately observed has stimulated considerable theoretical investigation. This has 
now reached the point where it can provide useful interpretations of detailed features 
of the observed transitions.'*~!’ lor example, for polypeptides the variation of the 
transition profile with chain length has been nicely fitted and therefore adequately 
explained by the analysis of Zimm.” Previously, one had only the qualitative 
view derived from a general knowledge of cooperative phenomena. That is, with 
increasing chain length the transition would closely approach a step function, 
and 7, would have its maximum value. With decreasing chain length, however, 
the distribution would broaden and 7’, would diminish. The theory provides a 
quantitative description of this dependence on chain length. 

In these calculations, it was assumed that the helix is made of identical subunits, 
as in poly-L-glutamie acid, for example. Unfortunately, this is not generally 
the case and heterogeneity among the subunits, as occurs naturally in proteins 
and nucleic acids, will always have a broadening effect on the transition. Although 
there is no general solution of this problem, the qualitative conclusion itself is 
significant. 

In conclusion, 7’, is a measure of the relative stability of a series of helices having 
comparable length and similar compositional heterogeneity. The transition 
broadens with decreasing helix length and increasing compositional heterogeneity. 

The Helix-Coil Transition in DN A.—Because DNA molecules are so unusually 
long the melting of this structure shows a vivid fall in viscosity of the solution. 
The complementarity of the hydrogen bonding of the bases has the result that an 
exact matching all the way along the two chains would be required for the helix 
to be reformed reversibly. Since this improbable event does not occur the transi- 
tion is not reversible. Consequently, the character of the transition can be studied 
by raising the temperature of a DNA solution to the point where only a fraction of 
the helices melt. Upon lowering the temperature, this mixture of helical and 
nonhelical molecules is preserved. As a result the viscosity measurement at room 
temperature of a previously heated solution accurately reflects the degree of change 
that had taken place at the elevated temperature. When samples are withdrawn 
from the solution held at a temperature within the transition region as a function 
of time, it is found that the viscosity reaches its final, constant value after about 15 
minutes.*! Since reversibility is absent we appear to be confronted by an all- 
or-none situation. That is, the molecular population appears to have a distribu- 
tion of 7’, values and at a particular temperature those with lower melting tem- 
peratures melt (or denature) and those with higher 7, values remain unaffected. 
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This interpretation was confirmed by electron microscopic studies which showed 
completely native and completely denatured DNA molecules and no intermediate 
states in a partially denatured sample.?* 

In this situation the helix-coil profile can be examined by measuring the specific 
viscosity of a series of DNA solutions, each heated to a different temperature for 
one hour. Such data are shown in Figure 1 for salmon sperm DNA at three ionic 
strengths. At 0.2 MJ NaCl, the ionic strength of most studies, the transition 
begins at about 86° and finishes at about 93° with 7, = 90°C. As the ionie 
strength is lowered it is seen that the curve is shifted to lower temperatures and 
becomes broadened. This is due to the weakening of the helical structure by the 
increased electrostatic repulsions that arise as the shielding by counterions is 
reduced. The lowest curve shows graphically that DNA is partially denatured at 
room temperature in 10~* molar salt. 
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Fic. 1.—The variation of intrinsic viscosity of Salmon Sperm DNA solu- 
tions measured at 25° as a function of the temperature at which they have 
been heated for one hour. 


lor some time it has been recognized that DNA is hypochromie with respect to 
its constituent nucleotides and to its denatured form. Consequently the optical 
density (or extinction coefficient) at 259 my increases upon proceeding through the 
helix-coil transition. However, as seen in Figure 2, the profile and magnitude of 
the increase depends very much on whether the optical density is measured at the 
elevated temperature (open circles) or after cooling the solution to room temperature 
(filled circles). If we can assume that the optical density faithfully reflects the 
fraction of residues in the helical configuration, the interpretation is as follows. 
Upon passing to successively higher temperatures the initial melting out is largely 
reversible, particularly at the lower ionic strength. Even after the transition is 
complete (at still higher temperatures) there is substantial reformation of helical 
regions upon lowering the temperature, particularly at higher ionic strength. 


The assumption on which this interpretation rests is at this point unsupported, 


but evidence in its favor will be presented in later sections. Its admission does, 
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however, offer the first suggestion that the denatured DNA molecules, when cooled, 
do consist of substantial amounts of helical regions. These must be relatively 
short compared to the length of the molecules, however, because they do not restore 
the high viscosity exhibited by undenatured DNA. 

Since it was of interest to see if the denatured DNA behaved reversibly the 
optical density-temperature profile was determined through several cycles. It 
was found to be essentially reversible in agreement with an earlier observation?*; 
the result is shown in Figure 3. In this case the increase of optical density occupies 


> Ta T - ——r 
| 





IONIC STRENGTH 
015 


) ELEVATED TEMP 


@ 00m TEMPERATURE IONIC STRENGTH 


MEASUREMENT 0.001 








| 





a) - eee eee ae ! 1 i | 
50 60 70 80 90 100 40 50 60 70 80 90 100 


Fic. 2.-The variation in optical density (259 my) of solutions of Calf Thymus DNA as a fune- 
tion of temperature. Open circle points were measured at the ambient temperature. Filled circle 
points were measured after heated solutions were brought back to 25°. (In this experiment only, 
the data are not corrected for volume expansion with increasing temperature. ) 


nearly the whole available temperature scale. If this very gradual increase is t¢ 
be interpreted in terms of a helix-coil transition, it is likely that all possible ex- 
planations of transition broadening must be invoked; that is, short helical regions 
and compositional and structural heterogeneity. The latter would arise from 
some mismatching of base pairs within helical regions. 

Helix-Coil Transitions in Polyribonucleotides.—By contrast to the complicated 
issues raised by examining the helix-coil transition of DNA, the multistranded 
helical complexes that can be formed with the synthetic homopolynucleotides 
available from the Manago-Ochoa polynucleotide phosphorylase system”! offer 
ideal experimental materials. Of the several aspects of these substances that have 
been studied by Warner,® Davies, Felsenfeld and Rich,’ !° Steiner and Beers,” 
and ourselves we are here concerned with only two. First, what base pairings are 
possible in neutral, saline solution and, second, what are the relative stabilities of 
these complexes? We must, of course, allow for many more possibilities than the 
two that occur in the Watson-Orick DNA structure, that is guanine-cytosine 
(G-C) and adenine-thymine (A-T). For example, Donohue*’ has found that 20 
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possible pairs of two nucleotides chosen from the four available will form satis- 
The search for all possibilities is 


factorily in terms of hydrogen bond distances. 
lirst 


not yet complete but the four shown in Figure 4 are at least representative. 
in order of increasing stability we have poly(l + I + 1). This is polyinosinie 
acid, which is being studed as an analogue of polyguanylic acid since the latter 
cannot be made with polynucleotide phosphorylase. Next in order is the three- 
stranded helix poly (A + I + I), and then the two-stranded helical complexes, 
poly (C+I1) and poly (A+U). The solvent is 14J NaCl. The transitions here 
are not as sharp as they might otherwise be because structural defeets have not 
been eliminated. 

These examples demonstrate that a variety of base pairings are possible and that 
helical structures incorporating these have stabilities ranging over most of the ac- 
cessible temperature range in neutral saline solution. 

Of the examples shown here the A-U pairing is the most stable. 
NaCl + 0.015 AZ sodium citrate, poly (A + U) has a 7’, of 61° (see Fig. 9). 
A-U pairing should be equivalent to the A-T pair that occurs in DNA. 
Tm for DNA in the same solvent lies at about 90° one might tentatively conclude 


In 0.15 M 
The 


Since 


that the G-C pairing is considerably more stable, with a 7’, in the vicinity of 120°, 


so that the average of the two could account for the observed T,,, of DNA. This 


Conse- 


possibility has been explored in another study and appears to be correct.” 
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quently, the 7',, for poly (I + C) should not be taken as substitute for that of 
poly (GQ + C). Undoubtedly, the extra hydrogen bond that can form in the latter 
pairing accounts for the higher 7',. Accepting this conclusion, the 7',, values for 
various pairings do cover the entire temperature range from room temperature 
to the boiling point. 

Variation of ionic strength and pH obviously alter the transitions just described. 
Our study of the ionic strength effect shows that 7, is closely proportional to the 
logarithm of the NaCl concentration. Increasing the pH sufficiently causes an 
increase in the negative charge and hence weakens the helical structure; in addition, 
it breaks up some of the bonded pairs. As a result all of the helical complexes 
denature at alkaline pH. Upon lowering the pH from neutrality, the electrostatic 
charge is reduced and if the titration does not interfere with hydrogen bonding new 
helical complexes may form. This is clearly the case in poly A and poly C, both 


98 


of which form multistranded complexes below pH of approximately 5.5.'': * 
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Fig. 4.--The variation in optical density as a function of 
temperature of solutions of helical polyribonucleotide complexes. 


The Variation in Hypochromicity of RNA.—The RNA samples used in this in- 
vestigation were obtained from tobacco mosaic virus (TMV) and from calf liver 
microsomal particles. The detailed physical chemical characterization of these 
samples”? *. 8! showed that unaggregated RNA behaves hydrodynamically as 
homologous, tightly coiled, single chains. Since the average degree of coiling was 
found to exceed that observed for typical polyelectrolytes under comparable con- 
ditions, it was concluded that the RNA chain is held together by a substantial 
number of intramolecular bonds sufficiently strong to prevent the expected expan- 
sion. It is the nature and arrangement (random or ordered) of these bonds which 
we wish to consider now. 

The optical density at 258 my for TMV-RNA and microsomal particle RNA as 
a function of temperature is shown in Figure 5. The total change relative to the 
minimum value is 32 per cent for TMV-RNA and about 22 per cent for the micro- 
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somal RNA. This compares with about 50 per cent for the average of the poly 
(A + U) and poly (I + C) complexes. The transition is somewhat sharper for 
TMV-RNA, 80 per cent of the change being accomplished over a 36° range in 
comparison with a 44° range for the liver RNA. These hyperchromie changes are 
reversible to the extent of at least 95 per cent, and their shift with ionic strength 
is similar to that for DNA and the polyribonucleotide complexes. The addition 
of 6 M urea causes half of the increase in optical density to occur at room tem- 


perature and the maximum is reached at about 70°. Thus the effect of the urea 


is to translate the curve to a lower temperature by about 25°. Urea, likewise, 
causes a lowering of 7, of DNA by about 18°.*! 
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Fic. 5.—The variation in optical density as a function of tem- 
perature of solutions of synthetic and natural single-chain poly- 
ribonucleotides. The ©; G indicates per cent Guanine on a 
molar basis. 


These parallelisms offer some support to the interpretation that the optical 
density changes in RNA have their origin in the thermal dissociation of hydrogen- 
bonded base pairs. The gradualness of the transition is compatible with an ar- 
rangement of base pairs either into short helical regions or at random. But, the 
fraction of bases that must be paired (40 to 60 per cent, based on the optical density 
changes observed in the complete helix-coil transition in the multistranded poly- 
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nucleotide complexes) appears to be too high to be accommodated by any kind of 
random matching. Consequently, the hypothesis that RNA at room temperature 
does have base pairs arranged in helical regions is strongly favored. The broadness 
of the transition could then be explained by the factors cited earlier: relatively 
short helices, distribution of helix lengths, variation in average helix stabilities 
due to variations in the proportion of the stronger base pairs, and variations in the 


proportion of mismatched pairs incorporated in the helical regions. The optical 


density-temperature profile can thus be imagined as a composite of overlapping 
helix-coil transitions. It is important to note that the polynucleotide sample with 
the largest content of assumed helices and the sharpest transition, the RNA ob- 
tained from TMV, is the one in which the individual molecules are probably identical 
and which has, therefore, the least heterogeneity of proposed helical regions. 
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Fic. 6.-The rate of reaction of TMV-RNA with formaldehyde 
in 0.1 M phosphate buffer, pH 7, at 25° and 45°. 





A question raised by this hypothesis is whether or not the assumed helical regions 
arise from specific sequences in the RNA molecules. As a test of this an optical 
density-temperature profile was determined on a sample of a copolynucleotide com- 
posed of equimolar amounts of adenine, uracil, cytosine, and guanine. This profile 
is also shown in Figure 5, where it is seen to be similar to those obtained for the 
natural RNA samples. Thus specific sequences are not a prerequisite for this 
phenomenon. 

A further point of interest concerns the 7’, values of the apparent composite 
transitions. If the heterogeneity of TMV-RNA was increased to be comparable 
with that of the other two samples in Figure 5, there is no doubt that the profile 
would broaden by a shifting of the lower part of the curve to lower temperatures. 
Such an adjustment, which would make the three curves approximately parallel, 
allows one to observe that their location on the temperature scale js proportional 
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to the guanine contents which are indicated in Figure 5. This order is consistent 
with the assignment of the G — C bond as the strongest. (It would be more nearly 
correct to assume that the number of G-C pairs would be proportional to the produet 
of the mole fraction of G and C. This predicts a similar ordering, the numbers 
being 0.047, 0.063, and 0.102.) 

The Relation of RNA Reactivity to Hypochromicity —Further evidence for the 
existence of hydrogen-bonded base pairs in substantial amount in RNA and their 
dissociation with increasing temperature is found in the way in which the rate and 
extent of reaction of RNA depends on temperature. Three types of reactions reveal 
this relation: the reaction with formaldehyde, enzymatic phosphorolysis. and 
ribonuclease digestion. 

Formaldehyde reacts with the amino groups of cytosine, adenine, and guanine; 
the reaction may be followed spectrophotometrically.*? Hydrogen bonds involving 
these amino groups can be expected 





to retard the reaction and even limit 
its extent. This has been found to 
be the case for both liver RNA® and 
TMV-RNA. We note here only the 
observations made on TMV-RNA. 
The reactivity with formaldehyde at 


25 and 45° is shown in Figure 6, 


A0.D.90°-25° 


where the difference in rate is seen 
to be about 19 fold. <A similar ex- 
periment with an appropriate mix- 


40.0. 40°- 25° 


ture of mononucleotides showed | POLY AGUC 
only a 6-fold increase in rate. Thus MICROSOME RNA 
the base pairing involving amino 
groups is manifest in the expected 
way. 

RNA is phosphorolyzed in the 





presence of inorganic phosphate by 


the enzyme polynucleotide phos- RATE 40° 
. . PHOSPHOROLYSIS ————~ 
RATE 25 
Fic. 7.—The relation between temperature de- 
i pendence of the rate phosphorolysis and of hyper- 
that the rate of this reaction varies chromicity of polyribonucleotides. 
greatly with the type of RNA or syn- 


thetic polynucleotide employed.**: ** The completely hydrogen-bonded helical 


phorylase, producing nucleoside di- 
phosphates. It has been observed 


polynucleotide complexes were found to be the most slowly digested. In view of 
the argument presented here, a possible explanation of the phosphorolysis rates 
might be found in the fact that at any given temperature, including room tempera- 
ture, different RNA samples exhibit a different degree of hydrogen bonding. Since 
this would impede the reaction, variation in rates at a common temperature would 
be expected. This proposal was tested by M. Manago in this laboratory by measur- 
ing the relative increase in rate of phosphorolysis at 40° over that at 25° for a 
number of different samples.** The relative increase in optical density at the 
two temperatures was also observed. These parameters were found to be linearly 
related as shown in Figure 7 taken from her work.** Poly U does not exhibit 
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base pairing, and hence its optical density is independent of temperature. For 
poly U the rate of phosphorolysis is only doubled on going from 25 to 40° as com- 
pared to the much greater increases observed for the other samples. Thus we 
find here as in the formaldehyde reaction that the effect of base pairing is reflected 
in a substantially lowered rate of reactivity and in this case a quantitative relation 
is evident. 

As a final example we refer to the work of Kalnitsky, Dierks, and Hummel,* 
who have observed unexpected exaltations in the rate of ribonuclease digestion of 
RNA with increasing temperature. The increase in rate over the normal expecta- 
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tion can be directly correlated with the increase in optical density and it there- 
fore fits into the view presented here. 

Identification of the Hypochromicity Change with Configuration. Reactivity studies 
strongly support the interpretation of extensive hydrogen bonding in RNA and 
justify the semiquantitative estimation of base pairs in terms of the hypochromic 
effect. They leave unanswered however, the question of whether the hydrogen 
bonded base pairs are organized in small helical regions, or at random. The hypo- 
chromic shifts observed with variations in temperature arise from electron redistribu- 
tion in the purine and pyrimidine rings resulting from the formation or breaking 
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of hydrogen bonds involving these rings. Since it is possible that these changes 
would occur for randomly organized base pairs as well as for those arranged in 
helical regions, we can only infer the presence of the latter from the character of the 
temperature variation. Thus, another kind of observation is needed which will 
be sensitive to the helical configuration rather than hydrogen bonding. Optical 
rotation offers this possibility. If an RNA molecule is randomly coiled so that it 
is devoid of any regular structure, its optical activity will be simply that arising 
from its ribose rings because these are the only sites of asymmetric carbon atoms. 
In the helical configuration, however, a new and substantial contribution to the 
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optical activity may arise due to the unique and uncompensated mutual interactions 
that a helical configuration of a single-handedness (right-handed for DNA and 
poly (A + U)) makes possible. This effect makes a contribution of about — 100° 
in the [a]p of polypeptides in the helical configuration? * and about —300° for 
the triple-stranded molecule of collagen. 

In view of these considerations we have investigated the optical rotation of 
polynucleotides, DNA and RNA, as a function of temperature in a manner compar- 
able to the optical density studies described above. In the completely helical 
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synthetic polyribonucleotides the helix-coil transition would be expected to be 
reflected in a parallel manner for these two properties. The changes in both optical 
density and optical rotation should be proportional to the fraction of residues in 
the helical configuration, since in these complexes there is a direct correlation be- 
tween the disruption of hydrogen bonds with the melting of the helix. The test 
of our hypothesis of helical regions in RNA would lie then in finding if the optical 
density-temperature profile was congruent with the optical rotation-temperature 
profile, and if the magnitude of the change was reasonable when compared with the 
magnitude of the change for the complete helix-coil transitions in the synthetic 
polynucleotides. 

For some time we had known that DNA exhibits about a 100° change in specific 
rotation, [a]p, upon being denatured.** Moreover, Levedahl and James* had 
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reported changes in the rotatory dispersion of DNA upon denaturation, but their 
report does not permit the specific rotational change to be evaluated. Specific 
rotational changes of about 300° had also been found in the helix-coil transition 
of poly A.* 

The specific rotation of DNA as a function of temperature was measured and is 
recorded in Figure 8. It is seen that [a@]p falls from +126° at room temperature 
to +28° at 92°C. At intermediate points it follows closely the optical density- 
temperature profile. 

Our results for poly (A + U) are shown in Figure 9 where it can be seen that the 
51 per cent increase in optical density is matched by a congruent change in specific 
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rotation from +300° to +25°. Since the specific rotations of the appropriate 
nucleosides average approximately 0° and lie within the range of +50° to —50°, 
the value observed for the poly (A + U) helix can be assumed to be close to that of 
completely helical RNA, a hypothetical case. The high temperature value of 
+25° should not be far from that of RNA at elevated temperatures. 

Thus if the hydrogen bonds in RNA exist only in helical regions we would expect 
that the optical rotation would fall from +190° for TMV-RNA (0.60 & (300-25°) 
+ 25°) at room temperature to about +25° at the high temperature plateau. 

Prior to the specific rotation measurements on RNA which we will now present 
Gierer®® had observed that [a@}p for TMV-RNA fell from + 180° to about +20° 
upon exhaustive enzymatic hydrolysis. While such a change might arise from the 
cleavage of bonds connected to the ribose ring, we thought that its origins may 
well jie in the disruption of helical regions. 

The critical experiment, the optical rotation-temperature profile for TMV-RNA 
is shown in Figure 10 along with the optical density-temperature profile taken 
from Figure 5. It is seen that the two profiles can be brought into coincidence by 
adjusting the ordinate scales. Moreover, the low and high temperature limiting 
rotations are essentially those predicted from poly (A + U). From this we con- 
clude that the changes in the optical density of RNA are directly due to the forma- 
tion and rupture of hydrogen-bonded base pairs that are organized in helical regions. 

It is important to point out here that the hypochromie effect that we have ex- 
ploited in Poly (A+U) and in RNA is that part of the hypochromicity that arises 
when the polynucleotide chains take up the hydrogen-bonded helical configuration. 
When this effect is removed by converting the chains to randomly coiled configur- 
ations some hypochromicity still remains and is completely removed only by hydro- 
lysis. To illustrate this the ordinates in Figures 4 and 9 are such that 1.00 corre- 
sponds to the hydrolysate. ‘Thus in Figure 9 it is seen that the residual hypochro- 
micity arising from the union of the nucleotides in the polymer is only about 10 per cent 
(1.00 to 0.90) while the configurational hypochromicity is about 50 per cent relative to 
the helix (0.59 to 0.90). The residual hypochromicity first observed by Sinsheimer” 
is not involved in our work 


and recently studied in oligonucleotides by Michelson*! 
since under our conditions of high ionic strength and neutral pH the residual hypo- 
chromicity is virtually constant, the only variation arising from a small temper- 


ature dependence. That this temperature dependence is indeed small was shown 


by determining the optical density-temperature profile of the RNA “core” result- 
ing from exhaustive ribonuclease action. This showed only a linear inerease in 
optical density with temperature and amounted to only 5 per cent between 25° and 
90°C. Since such cores are predominantly purines, which exhibit the greater hypo- 
chromic effects, and may have consisted of a few oligonucleotides long enough to 
undergo helix-coil transitions, even this 5 per cent hypochromicity is probably 
larger than the actual temperature dependence of the residual hypochromicity 
in RNA. Thus there is no doubt that we have dealt exclusively with the configura- 
tionally sensitive hypochromicity in this paper. 

The optical density of RNA undergoes reversible changes when its saline solution 
is dialyzed against salt and when the pH of such a solution is altered to low or 
high pH’s. A report on these effeets has been made recently by Watanabe and 
Kawade.*?. They appear to be of the same magnitude as the thermally induced 
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changes studied here and presumably arise from the breakdown and reformation 
of the same secondary structure postulated here. 

Discussion..-Having reached this conclusion it is necessary to examine as 
carefully as possible the ways in which it can be satisfied structurally. Specific ways 
must be found in which as much as 40 per cent of the residues in a single poly- 
nucleotide chain of random sequences can be brought into helical regions. (The 
60 per cent estimated for TMV-RNA may arise in part from favorable specific 
sequences.) A proper study of this problem has not yet been made but the follow- 
ing points appear relevant. 

Since the predominant two-stranded helical polynucleotides are antiparallel 
this condition may be assumed with some confidence for the helical regions in 
question. This suggests that the helical regions consist of two chains running in 
opposite directions. As the solution is cooled and these regions form, it is likely 
that neighboring sections of the chain can explore each other most readily to see 
if a stable union can be made. Consequently, it would be expected that most of the 
regions consist of hairpin-like sections of the chain with a small but variable 
number of bases unmatched in the loop. The quest for the most stable configura- 
tions is, of course, simply an exhibition of the intense internal Brownian motion 
in which all flexible parts of the chain participate. However, it is facilitated by 
the relatively great flexibility of polynucleotide chains and the intrinsic ability they 
have for lateral motion with respect to one another. This latter point is evident 
from the way in which essentially all base pairs are formed when poly A and poly 
U (and other pairs which form helical complexes) are mixed.'’ This efficiency 
clearly involves the lateral motions of one chain with respect to the other until all 
the gaps in the helical structure are filled. 

A second feature that can be anticipated in these helical structures is the inclusion 
of unmatched bases, that is, defects. We have not yet explored all base pairs which 
might be hydrogen bonded in neutral saline solution. However, it appears that 
opposing pyrimidines would be most easily accommodated, for this would involve 
no steric hindrance. Certain purine-pyrimidine pairs (G-U and A-C) might be 
unmatched and would involve some distortion but appear to be acceptable in small 
amounts. Purine pairs are most likely unacceptable; consequently, their occur- 
ence would terminate a helical region. 

The other determinative feature of the problem is the limitation imposed by the 
minimum helix length needed for stability. This is a problem that can be solved in 
time for helices not containing defects. This, as well as the estimate of the extent 
to which defects can be incorporated, calls for considerable experimental work be- 
fore quantitative discussion is possible. However, by outlining the problem in this 
way it should be clear that we are not faced with the simple statistical problem of 
what fraction of residues could be accommodated in DNA-like regions of a given 
length, assuming random sequence in the chain. This would, of course, lead to a 
much smaller answer than the estimates of the preceding sections. But the addi- 
tional aspects of the structural problem enumerated here appear to provide sufficient 
latitude to make our estimates of the fraction of nucleotides in helical regions 
tentatively acceptable. 

The only other observations that bear directly on our conclusions appear to 


be those of Rich and Watson‘* who carried out a comparative x-ray examination 
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of DNA and RNA. The RNA was poorly orientable, but weak, diffuse reflee- 
tions characteristic of the DNA photograph were obtained. Despite the low 
quality of the RNA diffraction photograph it was concluded that it had no dis- 
cernible reflections in the meridional regions where helix diffraction theory does not 
permit reflections to occur. Thus it appears that the x-ray diffraction of RNA is 
consistent with the short, imperfect, and poorly orientable helices proposed here. 
However, the quality of the RNA diffraction is such that the lack of conflict is all 
that can be properly claimed. 

It is of interest to observe that the secondary structure of RNA proposed here is 
formally very similar to that which is being increasingly adopted for globular pro- 
teins. Considerable evidence is now available indicating that specifie sequences of 
the amino acid residues are in helical regions.*: '2 At usual ionic strengths (0.01 
0.1) RNA molecules are swollen roughly 10-fold with water and are therefore much 
less rigid than globular proteins. This partially swollen state probably prevents 
them from having a recognizable tertiary structure as proteins do. However, it 
is perhaps worth emphasizing that the secondary structure in RNA, that is the heli- 
cal regions, is much more stable intrinsically than that in proteins. This is seen 
from the fact that all proteins denature at much lower charge densities than 
that always present on RNA at neutral pH, that is one charge per residue. 

It is hoped that the model of RNA described here will prove useful in the design 
and interpretation of other experiments on RNA in aqueous solution, particularly 
since in the absence of crystallinity, information on RNA must come almost entirely 
from studies in solution. Ultimately, however, major interest will be focused on 
RNA associated with protein in a biologically active state. It is therefore obvious 
that the next step is to determine if helical regions exist in the ribonucleoprotein 
complexes. Preliminary investigations of microsomal particles from calf liver show 
that a secondary structure of the type described here does indeed exist in these 
particles.* Consequently it appears that this secondary structure does exist in 
biologically active RNA. In addition, the possibility remains that this secondary 
structure may also play an important role in soluble RNA, the selective acceptors 
of amino acids in protein synthesis, because the helical regions could be imagined to 
form a specifically contoured surface in the vicinity of the site where amino acid is 
bound. 

Summary.—Helical complexes of homopolynucleotides undergo sharp  transi- 
tions to irregular structures upon heating in aqueous solution. These transitions 
occur at characteristic temperatures and are accompanied by large increases in 
optical density and reactivity and by large negative changes in optical rotation. 
The transition is broadened by heterogeneity of composition. Broadening of the 
transition and lowering of the transition temperature can also result from a shorten- 
ing of the helices and incorporation within them of unmatched bases. These 
findings can be applied to explain the properties of RNA in solution. 

It is shown that ribonucleic acid from TMYV and from liver microsomes undergoes 
similar changes on heating in solution: the optical density and reactivity increases 
and the optical rotation decreases. Although these changes are spread out over a 


wide temperature range, their self-consistency and their quantitative aspects in- 
dicate that they have their origin in the melting out of a population of small helical 
regions of varying stability that are characteristic of RNA in solution in the presence 
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of some salt at room temperature. Thus RNA is considered to have a secondary 


structure consisting of small helical regions that involve approximately half of its 
nucleotides. This accounts for the relatively contracted state of RNA in solution, 
its limited reactivity and the indications that RNA x-ray diffraction patterns exhibit 


helical characteristics. 
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Communicated by Harland G. Wood, February 27, 1959 


Introduction. Although mevalonic acid has, in recent studies, been shown to be 
a very efficient precursor for squalene,'~* cholesterol,‘ and other polyisoprene com- 


pounds,®» © the biosynthetic origin of mevalonate has’ not yet been deseribed. 
Previous work in this laboratory’ has demonstrated that 8-hydroxy-8-methy! glutaryl 
coenzyme A(HMG CoA)’ can be formed in yeast and liver! by the condensation of 
acetyl CoA and acetoacetyl CoA. In view of the structural similarities of HMG 
CoA and mevalonate, it could be postulated that HMG CoA might be reduced to 
mevalonate enzymatically via an aldehyde intermediate, as illustrated in reaction 1. 


REACTION 1 


CH, 
CH. + CoASH 








OH S CoA = OH OH OH 
3-hydroxy-3-methy! 3-hydroxy-3-methyl-1-C'!4 3,5-dihydroxy-3-methy| 
glutaryl-1-C'CoA glutaraldehydie acid 1-C'*-valerie acid 

(HMG CoA) (mevaldic acid) (mevalonic acid) 


Studies were undertaken to evaluate this hypothesis. Our experiments with yeast 
extracts have demonstrated that HMG CoA is readily reduced to mevalonate in 
the presence of TPNH. This finding completes a sequence of reactions for the 


conversion of acetate to mevalonate as follows: 


acetate — acetyl CoA — acetoacetyl CoA 
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acetyl CoA + acetoacetyl CoA — 8-hydroxy-8-methyl glutary] CoA ~ mevalonic 
acid. 

Methods. Enzyme preparations: The incorporation of isotope from HMG-C!- 
CoA into mevalonate was used to measure the synthesis of mevalonate. Fresh 
baker’s yeast was used as a source of enzyme. Cells were ruptured by high-fre- 
quency shaking’ in phosphate buffer (0.1 7 pH 7.6) and cell debris was removed 
by centrifugation at 3,200 & g. This crude enzyme solution was further treated 
by centrifugation for 30 min at 105,000 X g, and the resulting supernatant solution 
was dialyzed against phosphate buffer (0.001 7 pH 7.6) for 2 hr. In some experi- 
ments extracts were used which were obtained by lysis of yeast with toluene.® 

Biological synthesis of labeled B-hydroxy-B-methyl glutaryl CoA: HMG-C'-CoA 
was prepared by the condensation of acetyl-C'-CoA and acetoacetyl CoA in the 
presence of the purified yeast condensing enzyme.* When acetyl-1-C'*-CoA 
was used as substrate, the C' was located in the free carboxyl group of the result- 
ing HMG CoA’; with acetyl-2-C'*-CoA, the C' was in the methylene group ad- 
jacent to the free carboxyl group. Thus HMG-1- and HMG-2-C'-CoA could con- 
veniently be synthesized enzymatically. They were isolated by adsorption on 
charcoal, followed by paper chromatography.’ The HMG-C!*-CoA so isolated had 
an PR, of 0.16 in ethanol:ammonium acetate, pH 4.7, and an R, of 0.41 in isobutyric 
acid: water:ammonia,'® which corresponded to the R, of synthetie HMG CoA! in 
these solvent systems. HMG-C'-CoA formed a hydroxamate which migrated with 
the same F, (0.31) as authentic HMG monohydroxamate in butanol: water. The 
purity of the HMG-C!*-CoA was determined in the following manner. A sample 
was hydrolyzed in 1.5 NV KOH and the resultant free hydroxy methyl glutarate was 


purified by ion exchange’? and partition chromatography.'* A comparison of the 
C4 eontent of the hydroxy methyl glutarate with that of the original HMG CoA 
sample afforded a measure of the purity; this varied between 70-85 per cent, i.e., 
30 to 15 per cent of the C™ present was in a form other than HMG CoA. 

Chemical synthesis of labeled B-hydroxy-B-methyl glutaryl CoA: Labeled HMG- 
CoA from synthetic sources was prepared in the following manner. HMG-2- 


C'4 was synthesized from mevalonic-2-C'! (Lsotope Specialties Co.) by oxidation 
with permanganate at pH 6.6. After addition of a large amount of nonisotopic 
mevalonate to dilute any residual mevalonate-2-C'’, HMG-2-C' was isolated 
(free of mevalonate-2-C'*) using an acid celitecolumn.!* ~The labeled HMG was then 
converted to the anhydride by the method of Hilz et al.,!' recrystallized, and allowed 
to react with CoASH to form racemic HMG-2-C'4-CoA. The compound was 
isolated by paper chromatography in isobutyric acid: water :ammonia. 

Enzymatic conversion of HMG-CoA to mevalonate: The conversion of HMG-C!- 
CoA to mevalonic acid was done with yeast extracts at room temperature in air. 
A large pool of nonisotopic mevalonate was added to trap any labeled mevalonate 
which was formed, and to serve as carrier for its isolation. C!-mevalonate was 
isolated from reaction mixtures as the lactone by chromatography on acid celite,"™ 
using acid-equilibrated chloroform for elution. This method afforded good resolu- 
tion of mevalonate, HMG, and acetate. Proportionality was excellent between the 
lactone as determined by titration and the C' concentration in eluate fractions. 
Identity and purity of recovered mevalonate were further established by its deriv- 
atization as the dibenzylethylenediamine salt (m.p. 121-122°) and reerystalliza- 
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tion to constant specific activity. In some cases, the recovered mevalonate-C' 
was oxidized to HMG-C" with acid permanganate as further proof of identity. The 
yeast extracts contained the enzymes required for generation of TPNH from glucose- 
§-phosphate and TPN and DPNH from fructose-1,6-diphosphate and DPN. 
Results—Table 1 summarizes the results of two representative experiments in 
which HMG-C'*-CoA was incubated with yeast extracts. These data show a 


TABLE | 


Tuk INCORPORATION OF B-HypROXY-8-METHYL-GLUTARYL-L C!! CoenzyME A 
INTO MEVALONIC AcID 
Total C'' in 
Pyridine Nucleotide Mevalonic Acid 
Experime nt Enzyme Preparation Generating System epm 
| Crude None 7,320 
105,000 X g supernatant None 1,290 
Same, dialyzed None 885 
Same, dialyzed DPNH + TPNH 25,400 
Dialyzed 105,000 X g super- 
natant None 183 
Same DPNH + TPNH 19,700 
Same DPNH 1,690 
Same TPNH 22 , 200 


A separate enzyme preparation was used in eich experiment. The reaction mixture contained 
1.3 millimoles of phosphate buffer, pH 7.6, HMG-1-C'-CoA (50,000 epm, approximately 0.05 
umole*), 50 umoles Mg **, 300 umoles nicotinamide, 40-50 mg yeast protein, 100 umoles unlabeled 
mevalonate, and where indicated 9 zmoles of DPN and 100 umoles of fructose-1,6-diphosphate as a 
DPNH generating system and/or 9 pmoles TPN and 100 umoles of glucose-6-phosphate as a 
TPNH generating system. Incubation time 2 hr, final volume was 13.7 ml. Mevalonate-C' 
counted as the recrystallized dibenzylethylene diamine salt. 

* Specific radioactivity is estimated from the specific activity of the acetic-1-¢ anhyaride used in making acetyl- 
1-C'4-CoA, the source of the HMG-1-C'™-CoA. The incorporation of 25,000 counts into mevalonate represents a 
yield of mevalonate ia the range of 0.025 wmole 


reasonably efficient conversion of HMG-C'-CoA to mevalonate by the crude 


enzyme preparations. The activity of the enzyme preparation was markedly 
reduced by high-speed centrifugation, and further reduced by brief dialysis. The 
addition of a TPNH generating system restored and greatly augmented the con- 
version, while addition of a DPNH generating system only partially restored the 
activity. In experiments of this duration there was usually observed a 40-60 


per cent conversion of total substrate to mevalonate when TPNH was the generated 
cofactor. Subsequent experiments have shown that TPNH added in substrate 
quantities could replace the TPNH generating system. 

We have examined the possibility that HMG-C'-CoA might first be broken down, 
and then be converted to mevalonic acid by an as yet unknown pathway. Two 
reactions have been described in which HMG CoA is enzymatically degraded. The 
first is by hydrolytic deacylation, as reported by Dekker ef al., wherein free 
HMG and CoASH are produced. The second is by the cleavage reaction described 
by Bachhawat et al.,'* in which HMG CoA is cleaved to acetyl CoA and acetoacetic 
acid, 

Table 2 summarizes experiments designed to evaluate the possible role of HMG, 
acetoacetate, and acetyl CoA in the biosynthesis of mevalonate. It ean be seen 
that when HMG-C'-CoA was hydrolyzed under alkaline conditions to free HMG 
and CoASH there was no incorporation of C' into mevalonic acid. Acetoacetic 
acid likewise had no effect on the conversion of HMG-C!*-CoA to mevalonate. Un- 
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labeled acetyl CoA markedly depressed the level of radioactivity in mevalonate. 


The addition of acetyl-1-C'*-CoA however produced a similar depression suggesting 


an inhibition of the over-all reaction rather than dilution of the isotope. | Further- 
more, substitution of equivalent acetyl-1-C'*-CoA for HMG CoA as substrate 
resulted in no detectable incorporation of C'* into mevalonate. In Experiment 
3, Table 2, it was found that the addition of CoASH to a system which converts 
HMG-2-C'!-CoA to mevalonate resulted in a depression of the conversion. 


TABLE 2 
Tue Errect or Merapouires oF B-HyprRoxy-8-MetTHyL GLUTARYL COENZYME A ON THE 
CONVERSION OF 6-H ypROXxY-8-MetTHYL GLUTARYL COENZYME A TO MEVALONIC ACID 
Total C' in 
Mevalonate, 
epm 
l MG-2-C!*-CoA (0.05 umole 3,680 
2-C'*-CoA (0.05 umole) + acetoacetate (24 umoles) 3,680 
C'4-CoA (0.05 umole) + acetoacetate (96 umoles) 3,670 
( 
( 


Experiment Substrate 


‘4CoA (0.05 umole) hydrolyzed in alkali 0 
ACoA 12,000 
HMG-1-C'*-CoA + acetyl CoA (5 umoles) 2,000 
HMG-1-C'*-CoA + acetyl-1-C!*-CoA (0.3 umole) 9, 100 
Acetyl-1-C'-CoA (0.05 umole, 50,000 epm) <200 
HMG-2-C'4-CoA 1,040 
HMG-2-C!#-CoA + CoASH (5 umoles) 306 
Expt. 1--Each flask contained 60 mg of yeast protein (dialyzed crude toluene lysate), 200 wmoles of glucose-6- 
phosphate, 9 wmoles of TPN, 150 wmoles of Mg**, 300 wmoles of nicotinamide, 600 wmoles of potassium phos- 
phate buffer pH 7.6. 100 wmoles of MVA was present as a trapping pool. The HMG CoA was prepared syn- 
thetically, and the specific activity was 480,000 cpm/umole. The hydrolyzed HMG CoA was prepared by ineu- 
bating 0.05 ml (0.05 pmole) HMG CoA with 0.1 ml of 3.5 N KOH for 1 hr at 30 It was then neutralized with 
3.5 N HeSO. he same amounts of 3.5 NV KOH and HeSO; were added to the other flasks. Incubation time was 
1 hr at 23°, final volume in each flask 12 ml. 
Expt. 2 Where indicated, 0.05 wmole of biosynthetic HMG CoA was present (50,000 cpm). All flasks con 
TPN and glucose-6-phosphate. Incubation, supplemental additions, and isolation were as indicated in 
Expt “3-—Each flask contained 50 umoles glucose-6-phosphate, 4.5 umole TPN, 75 wmoles Mg* +, 300 wmoles 
nicotinamide, 300 wmoles potassium phosphate buffer, pH 7.6. 120 mg of yeast protein (crude toluene lysate) 
0.12 ymole HMG-2-C''-CoA (biosynthetic, 134,000 ¢.p.m./u mole), and 100 wmoles of mevalonic acid. Final vol 
ume 6.0 ml. Incubation time: 30 min at 20 


From these results it would appear that HMG, acetoacetate, and acetyl CoA 
are not direct precursors of mevalonate but that HMG must be activated to HMG 
CoA before it can be converted to mevalonate. Furthermore, there is an apparent 
inhibition of the conversion of HMG CoA to mevalonate by free CoASH and some 
thiol esters of CoASH. 

In order to establish whether the free carboxyl group or the thiol-esterified car- 
boxyl group of HMG CoA was reduced in the conversion to mevalonate, biosyn- 
thetic labeled HMG CoA was incubated with the yeast enzyme and the TPNH 
generating system as outlined in Table 1. The mevalonate was converted to the 
barium salt and subjected to pyrolysis under vacuum at 500°. CO» obtained from 
the residual BaCOs provided a sample of the carboxyl group of mevalonate. It was 
found that mevalonate obtained from HMG-1-C'-CoA yielded COs, while the CO. 
from HMG-2-C'-CoA was unlabeled. These results show that the free carboxy] 
group of HMG CoA remains intact during the reduction, and consequently that 
the reduction occurs of the thiol-esterified group of HMG CoA, as indicated in 
Reaction 1. 

It is of interest that if allowance is made for the fact that synthetic HMG CoA 
consists of at least 50 per cent of the unnatural optical isomers of HMG CoA the 
conversion to mevalonate (Experiment 1, Table 2) was almost as good as with 
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enzymatically generated HMG CoA. Dituri et al." reported that labeled HMG 
CoA made by the procedure of Bachhawat et al.'4 was not incorporated by liver 
preparations into squalene. In view of the fact that mevalonate can be readily 
converted to squalene we are unable to explain the failure to obtain incorporation. 
There is a possibility that the liver preparations may contain the HMG CoA 
cleavage’! and deacylating'® enzymes which would tend rapidly to destroy HMG 
CoA. These enzymes do not appear to be present to any great extent in our yeast 
preparations. 

In order to establish whether the reduction of HMG CoA to mevalonic acid could 
be reversed, mevalonate-2-C'* (1 umole, 500,000 epm) was incubated with TPN, 
CoASH, oxidized glutathione, and yeast extract. Since there is a large amount of 
glutathione reductase in this enzyme preparation, it was expected that glutathione 
would favor HMG CoA formation through reoxidation of the TPNH formed in the 
oxidation of the mevalonate. However, no isotope could be detected in carrier 
HMG CoA, indicating that the reaction is not readily reversible. These results might 
explain the observation of Popjak" that labeled mevalonic acid did not appear to 
give rise to labeled acetyl units when incubated with liver homogenate preparations. 

We have not been able to establish whether the aldehydic acid, mevaldie acid, 
is intermediate between HMG CoA and mevalonic acid, although Wright et al." 
and Lynen'® have described the conversion of mevaldice acid to mevalonate, and 
added mevaldate has been reported to depress incorporation of isotope from acetate- 
C' into cholesterol.2? The addition of unlabeled mevaldate or of semicarbazide to 
our system did not significantly depress incorporation of isotope from HMG-C'- 
CoA into mevalonate. In addition, no isotope could be detected in the re-isolated 
aldehyde. This raises the possibility that the aldehyde intermediate may exist as 
a thio-hemiacetal of CoASH, or be bound to enzyme. 

The evidence presented indicates that mevalonic acid is formed by the reduc- 
tion of HMG CoA. The role of HMG CoA as a key intermediate in the bio- 


synthesis of terpenes and sterols from acetate now becomes apparent, since it 


represents the first point of synthesis of the branched chain structure which is 
subsequently reduced to mevalonate. The fact that the reduction appears to be 
relatively irreversible suggests that once the 2-carbon units have condensed to form 
HMG CoA and are reduced to mevalonate they may not re-enter the 2-carbon pool, 
but rather they must proceed toward polyisoprene biosynthesis. Similar findings 
on the reduction of HMG CoA to mevalonate have been cited briefly by Lynen 
et al.?! 

Summary.—Evidence is cited for the existence in yeast of a pathway for the 
enzymatic synthesis of mevalonic acid from 8-hydroxy-8-methy! glutaryl coenzyme 
A. This conversion would seem to be direct, and not involve any of the known 
degradation products of 8-hydroxy-6-methy] glutaryl coenzyme A. The reduction 
is maximal in the presence of reduced triphosphopyridine nucleotide, and is not 
readily reversible; the reduction occurs on the thiol-esterified carboxyl group of 8- 
hydroxy-6-methyl glutaryl coenzyme A. Addition of free mevaldie acid does not 
decrease the incorporation of isotope from 8-hydroxy-8-methyl glutaryl coenzyme 
A into mevalonic acid. It therefore seems probable that the free aldehyde is not 
an intermediate of the reaction. Demonstration of this conversion provides a com- 


plete pathway for the synthesis of mevalonic acid from acetate in yeast. 
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Introduction.—One of the intermediate steps in the process of protein synthesis 
appears to be the formation of a RNA-amino acid compound.'~'° The acceptors 
of the amino acids are low molecular weight RNA molecules, which contain a 
specific nucleotide end grouping consisting of one or two cytosine nucleotides and a 
terminal adenine nucleotide.'! Terminal addition of nucleotides to RNA has been 
observed in several laboratories. !?~'® 

In our previous report” it has been shown that these nucleotide end units of 
the RNA are required for the binding to RNA of all the 14 amino acids that were 
tested. The evidence here presented indicates that the activated amino acids 
are transferred to the 2’ or 3’ hydroxyl group of the terminal adenine nucleotide 
of these nucleotide end groupings of specific RNA molecules. These data extend 
our preliminary report!’ and support recent findings of Zachau, Aes, and Lipmann.'*t 

Materials and Methods.—Substrates: -leucine-1-C'*, t-valine-1-C", L-isoleucine- 
1-C'*, L-norvaline-1-C', and L-alloisoleucine-1-C' were prepared by Dr. R. B. 
Loftfield according to the methods previously described.'? Other C'*-labeled 
amino acids were purchased from the California Corporation for Biochemical 
Research, Los Angeles, California. The amino acids were dissolved in distilled 
water, neutralized and stored at —20°. ATP-8-C' was purchased from Schwarz 
Laboratories, Inc. and CTP-C'* was prepared as described.'' The unlabeled 
nucleotides were purchased from the Sigma Chemical Company. Deoxy-CTP was 
kindly donated by Dr. J. F. Koerner. One umole of MgCl. was added per umole 
of nucleotide and the neutralized solutions were stored at —20°. Pyruvate kinase 
and the silver barium salt of phosphopyruvie acid were purchased from C. F. 
Boehringer and Son, Mannheim, Germany, and the latter was converted to the 
potassium salt. RNA was prepared from rat liver, ascites cell, and calf liver cell 
fractions and from whole Baker’s yeast, as described earlier.2: ’ *! RNA isolated 
from the 105,000 X g supernatant cell fraction is referred to as soluble RNA or 
S-RNA. 

Preparation of the pH 5 fraction: The 105,000 X g supernatant (S;) fraction and 
the pH 5 precipitable fraction derived from it are prepared from mouse Ehrlich 
ascites cells as described.!! The pH 5 fraction is dissolved in medium A (0.25 
M sucrose, 0.005 M MgCl, 0.025 M KCI, and 0.05 MW Tris-HCI§ buffer pH 7.6), 
and is stored at —20°. The “preincubated pH 5 fraction” is prepared as follows: 
the pH 5 fraction is thawed, and the small amount of insoluble material is removed 
by centrifugation. The supernatant fraction is incubated at 37° for 30 min. in the 


absence of added nucleoside triphosphates and amino acids. It is then chilled and 
diluted with two volumes of ice cold distilled water. The pH is adjusted to 5.2 
with 1 MV acetic acid, and the precipitate (the pH 5 fraction) is isolated and redis- 
solved in medium A. The pH is adjusted to 7.6 with 0.1 N KOH. The undis- 
solved material is discarded. The pH 5 fraction is incubated again at 37° for 
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20 min., and is then chilled and reprecipitated two times, as described above. A 
third incubation-reprecipitation cycle has been carried out in some cases. Unless 
otherwise stated all enzyme solutions have been prepared in medium A. 

Isolation of RNA for radioactivity determination: The RNA is isolated accord- 
ing to the general procedure described previously.? An acid-insoluble precipitate 
is obtained by the addition of perchloric acid to a final concentration of 0.4 N. 
The precipitate is washed four times with 0.2 N perchloric acid (using a glass 
homogenizer each time to disperse the pellet), once with 0.2 N perchloric acid—95 
per cent ethanol (1:5), and three times with 95 per cent ethanol. Lipids are further 
extracted with ethanol-ether (2:1) during 10 min. at 50°, and finally the precipitate 
is washed once with 95 per cent ethanol. ‘The nucleic acids are then extracted from 
the washed precipitate with 10 per cent NaCl without neutralization at 100° for 
30 min. The sodium salts of the nucleic acids are precipitated from the NaCl 
extract by addition of 2.5 volumes of 
cold 95 per cent ethanol, and are re- 
5 precipitated as outlined previously.'! 
sad a ae The estimations of the RNA and radio- 
VALINE 









activity are likewise carried out as 
described." 

Formation and isolation of valine 
amides:*> Aliquots of the chilled in- 
to—»o | cubation mixture, containing pH 5 frac- 
tion, CTP, ATP, and valine-C™ are 


0.4 


LEUCINE 






0.3 


ISOLEUCINE 














muMOLES AMINO ACID / MG S-RNA 


0.1 1 rapidly added to aleoholic ammonia at 

0 ! \ 135-1 l —78°. The samples are stoppered, 

O .00! 003 005 Ol | shaken, and kept at —20° for 30 min. 

mM AMINO ACID Thereafter the ammonia is allowed to 
MA el lS ootion (045 cl) ie aa escape during a 12- to 16-hr period at 
was incubated at 37° for 10 minutes in the pres- | —20°, and then most of the remaining 


ence of 1O mM ATP and 0.05 mM CTP with in- 
creasing concentrations of valine-C'4 (4.29 « 108 
cpm per wmole) or isoleucine-C'™ (11.7 X 10° stream over the samples kept at 0°. 


cpm per umole), or leucine-C' (1.82 K 10’ epm ory |, NAAT Of 2 mt 
per wmole) in a total volume of 1 ml & = valine, lhe samples are ac idific d with 100 per 
@ = leucine, and O = isoleucine. cent trichloroacetic acid and placed on 

20 X 1 em columns of Dowex-1 hy- 


droxide resin. Valine amide is washed out of the column with distilled water 


ammonia is removed by blowing an air 


while free valine is retained. The valine amide is concentrated, plated on copper 
planchets, and counted. 

Results. Conditions for amino acid incorporation into the RNA of the pH 5 
fraction of ascites cells: In a previous publication? Hoagland et al. described condi- 
tions for the incorporation of amino acids into RNA and protein in rat liver cell 
fractions. Subsequently it was found advantageous to use cell fractions of ascites 
cells, because the activity of degradative enzymes is lower.'' The new conditions 
used are therefore described. Figure 1 shows the substrate requirement for the 
incorporation of valine, leucine, and isoleucine into the S-RNA of the preincubated 
pH 5 fraction. In each case a concentration of 10~? mM very nearly saturates the 
incorporation system. In order to obtain maximal incorporation of amino acids 
into RNA a concentration of 1 mM ATP is required, in the presence of phospho- 
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pyruvate and pyruvate kinase (Fig. 2). In the absence of the ATP generating 
system, 10 mM ATP is needed. A pH curve for the binding of valine to RNA is 
shown in Figure 3. The conditions used 











: - 3 os sa a 
provide an excess of RNA and a limiting z nomen ‘ : pha 
amount of enzyme. Optimal activity is 
serve twee 78; .f 68 _ 
observed between pH 7.8 and pH 86 § a iis: 
and at a higher pH the activity drops ™~ | 
° yews . WwW 
rapidly. This is probably due to the in- 2 
stability of RNA-amino acid at the higher z 4 
9 > 
pH range.? sl 
. ° n 
As has been demonstrated previously,” 4 
this system incorporates the amino acid | 
only into the RNA of the nonparticulate = 2 L 1 1 1 
fraction of the cell (S-RNA). No species “ 3 4 5 
me , : . via M ATP 
specificity for the source of the S-RNA is j e 7 ; 
; Fic. 2.—ATP requirement for amino acid 


indicated, as illustrated in more detail in incorporation into RNA. Preincubated pH 5 

Figure 4. S-RNA of the mammalian cells fraction (0.75 ml) in medium A was incubated 
an a a at 37° for 10 minutes in the presence of 5 mM 

and RNA from whole Baker’s yeast both phosphopyruvate, 10 ug pyruvate kinase, 0.1 

mM CTP and 0.02 mM valine-C™ (4.29 x 

3 7 ; , 10° cpm per umole), with increasing amounts 

the incorporation is proportional to the of ATP in a total volume of 1 ml. 

amount of RNA added in every case. 

Equivalent quantities of microsomal and nuclear RNA of the mammalian cells, 


are good acceptors of the amino acids, and 


however, do not accept the amino acids. 

The enzymes activating leucine and valine and transferring these amino acids 
to RNA remain active for at least 2 hrs. of incubation at 37°. This is shown in 
Figure 5, where the transfer of leucine to added RNA, present in excess, is measured 
during a 10-min interval, after the enzymes have been preincubated as long as 
110 min. It has not, however, been determined to what extent the enzymes in- 


TABLE 1 


NM PFECT OF PREINCUBATION OF THE PH 5 FRACTION ON THE INCORPORATION 
OF LEUCINE AND VALINE INTO RNA, AND ON THE ACTIVATION OF THESE 
AMINO ACIDS 


pH 5 Fraction 


Control Preincubated, 

epm per epm_ per 

mg RNA mg RNA 
Incorporation of leucine into RNA 1,510 25 
Incorporation of valine into RNA 2,000 174 


Per Cent Exchange“ 


P*?P22Exchange into ATP 


No amino acid added 0.89 0.65 
Plus leucine 5.18 3.51 
Plus valine 6.10 6.03 


@ Percent exchange, cpm in ATP one half cpm added as PP 

The control pH 5 fraction was precipitated twice at pH 5.2 and dissolved in medium 
4. This fraction was incubated at 37° for 30 min. and chilled to yield the preincubated 
pH 5 fraction. The amino acid incorporation into RNA was carried out as follows 
0.75 ml of the pH 5 fraction was incubated at 37° for 10 min. in the presence of 10 mM 
ATP and 0.1 mM leucine-C' (2.07 X 106 epm per umole) or 0.1 mM valine-C'* (1.83 
< 108% epm per wmole) in a total volume of 1 m , 

P2?P32 was prepared by pyrolysis of P**-labeled orthophosphate. The exchange of 
P*?P3? into ATP was determined as follows 0.05 ml. of the pH 5 fraction in medium 
A was incubated for 7 min. at 37° with 5 mM ATP, 5 mM P*P* (containing 356,000 
cpm) and 10 mM amino acids where indicated. The final volume was 0.2 ml. The 
reaction was stopped with trichloroacetic acid and ATP and PP were separated by 
charcoal adsorption according to the method of Crane and Lipmann,** 
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volved in the incorporation of other amino acids into RNA are stable under these 
conditions. 

Effect of CTP on the incorporation of amino acids into preincubated S-RNA: 
Following 30-min. preincubation of the pH 5 fraetion at 37° in the absence of added 
nucleoside triphosphates and amino 
acids, a marked decrease in the bind- 
ing of valine and leucine to the endog- 
enous S-RNA is observed (Table I). 
The pyrophosphate exchange with 
ATP shows that preincubation under 
these conditions has a relatively small 
effect on the activating enzymes. 
Since the data in Figure 5 show that 
the enzymes transferring the amino 
acids to S-RNA are stable, an altera- 
tion of the RNA acceptor during the 
preincubation period is suggested. In 











muMOLES VALINE / MG S-RNA 


10 


previous experiments'! it has been 

Fic. 3p curve for incorporation of valine shown that under such preincubation 
intoRNA. The preincubated pH 5 fraction was oe. . i P ; 

dissolved in medium A (minus its buffer), by ad- | conditions the S-RNA loses its capacity 


justment of the pH to 7.6 with dilute KOH. ¢o accept the terminal adenine nucleo- 
Samples containing 0.75 ml of the preincubated 


pH 5 fraction were incubated with 10 umoles of _ tides, which are linked to cytosine 
Tp. r . ro Tp, ‘ ‘ r » 3 . . rr 
ATP and 0.05 pmole of CTI ina total volume of nucleotides. In the presence of CTP, 
0.89 ml for 10 minutes at 37°, to form RNA- ; 3 : 
pCpCpA.!! The samples were chilled and 0.1 the required cytosine nucleotides are 


ml of 0.5 M Tris-maleate buffer @, or 0.5 M so- incorporated into the S-RNA, thereby 
dium bicarbonate-sodium carbonate buffer O agit ; : 
were added. 0.04 pmole of valine-C!! (4.29 x providing the necessary sites onto 
10° cpm per umole) were then added and the in- which the adenine nucleotides can add 
cubation was continued for 10 minutes at 37°. or ay : i 
The final volume was 1 ml. The samples were (Table 2). Table 2 shows that in the 
chilled, and perchloric acid was added to stop presence of CTP plus ATP. valine (or 
the reaction. The mymoles of valine incor- : : : 
porated per mg of RNA are given at the various leucine) can be incorporated into the 
pH values. (A parallel set of flasks was treated S-RNA of the preincubated pH 5 
in the same manner except that C!?-valine was ‘ F pees 
added. At the end of the incubation the pH of fraction, whereas there is little or no 
the incubation mixture was measured. In no incorporation of valine (or leucine) 
case was the change of pH during the incubation — , é Saige ees 
greater than 0.15 pH unit). into S-RNA in the absence of CTP. 
Neither GTP plus ATP, nor UTP 
plus ATP ean produce this effect. Thus CTP is essential for both the addition 
of the adenine nucleotide to S-RNA, and for the binding of the amino acids to this 
sume S-RNA fraction. 

Table 3 shows that all of the 14 natural amino acids and the three amino acid 
analogues tested are incorporated into the RNA of the preincubated pH 5 fraction 
toa much greater extent when CTP is added to the incubation system. The varia- 
tion in the relative incorporation of these amino acids into the S-RNA may be due 
to differences in the yield and stability of specifie amino acid activating enzymes and 
differences in the amounts of specific 5-RNA molecules which may serve as ac- 
ceptors of individual amino acids. The presence of RNA molecules specific for 
the individual amino acids is suggested by the absence of competition between 
natural amino acids for sites on the S-RNA, and by the additive incorporation of 
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TABLE 2 
CTP REQUIREMENT FOR INCORPORATION OF VALINE AND ADENINE NUCLEOTIDE INTO 
RNA 
Nucleotides Added Valine Incorporation, AMP Incorporation 
epm per mg RNA epm per mg RNA 
136 578 
, 800 2,845 
+ GTP + UTP , 740 3,045 
129 194 
242 550 
32 
UTP 10) 

Incorporation of valine into RNA: 0.6 ml of preine ubated pH 5 fraction was incubated at 37° for 
10 min. in a total volume of 1 ml in the presence of 0.2 umole of valine-C' (1.83 & 10° epm per 
wmole), 3.6 umoles of MgCh, and where indicated, | wmole each of CTP, UTP, or GTP and 10 
umoles of ATP. 

Incorporation of adenine nucleotide into RNA: 0.6 ml of preincubated pH 5 fraction was ine ubated 
at 37° for 10 min. in a total volume of | ml in the presence of 3.6 wmoles of MgCl, 1 os of ATP- 


8-C'4, containing 3.5 K 105 epm per umole, and where indicated, 1 umole each of CTP, UTP, or GTP 
The same specific nucleotide requirement is found for the incorporation of leucine oi RNA 


amino acids.2» * * This interpretation is supported by experiments of Schweet® 
in which he reports separating the S-RNA into fractions which bind specific amino 
acids preferentially. 


TABLE 3 
CTP DePrENDENCE OF AMINO ACID INCORPORATION INTO RNA 


Specific Activity 
of Amino Acid, RNA, 
epm X 10°° cpm per mg 
Amino Acid Added per umole Fr +CTP 
L-valine-1-C!4 1.83 1,210 
t-leucine-1-C!4 2.07 35 792 
L-isoleucine-1-C!4 10 i: 725 


) 
pL-serine-3-C!4 1.56 52 170 
15 


pi-lysine-1-C! 140 
pi-glutamic ac ‘id- 2-( y4 0.55 
bi-tryptoph: un-2-C 0.7 
DL-tyrosine-2-C!4 
pi-alanine-1-C! 
pi-phenylalanine-3-C!4 
DL-aspartic acid-4-C!! 
t-methionine methyl-C' 
pi-histidine-2-C!* 
Glycine-1-C'* 
Amino acid analogues 
L-alloisoleucine-1-C!4 
L-norvaline-1-C!* : 614 
p-norvaline-1-C!4 36 
The incubation was carried out for 15 min. at 37° in a total volume of 1 ml. The incubation m 7 
ture contained: 0.7 ml of preincubated pH 5 fraction (containing 200 we RNA), 180 ug. of R? 
prepared from a preincubated pH 5 fraction of rat liver, 10 wmoles of ATP, and 0.06 to 0.07 been 
of DL-amino acids or 0.03 to 0.04 zmole of L amino acids. 0.1 umole of CTP was added to the 
samples listed in the column marked ““+CTP The counts per minute per mg RNA are reported 
for each amino acid in the presence and Rd nee of CTP 


Under the above conditions, CTP (tested in concentrations equimolar with those 
of ATP) cannot replace ATP and does not enhance the activity of ATP in the amino 
acid activation reaction, as determined by P*?-labeled inorganic pyrophosphate 
exchange with ATP in the presence of amino acids. ‘This evidence supports the 
previous conclusion™ that CTP does not participate in the initial step of activation 
of amino acids. 

Comparison of CTP requirement for incorporation of amino acids into S-RN A and 
for formation of the nucleotide end grouping on the S-RNA: The concentration of 
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CTP required for optimal incorporation of valine into S-RNA and for the incorpora- 


tion of the cytosine and adenine nucleotides into S-RNA is the same, as is shown in 


igure 6. 


A B 


5 = —r "| T —5 "eee 10 
S-RNA | | ] 
rat liver —/ F | 
colf liver Hy 1° 
/ S-RNA | 
mouse Ehrlich 7 6 
ascites cells 


2 r VA | cA ) 74 
ta 


—yeast-RNA 


OU _1 ee ae ee 
0 Ol 02 03 04 oO Ol 62 

MG RNA ADDED / FLASK 
Fic. 4.—-Lack of species specificity for source of soluble 
RNA. 0.3 ml of S83; was incubated at 37° for 20 minutes in 
the presence of 10 mM ATP, 0.05 mM CTP, 4mM MgCh, 
0.1 mM leucine-C'* (1.82 & 106 epm per wmole) in part A, 0.1 
mM valine-C'* (4.29 10° cpm per umole) in part B, and in- 
creasing amounts of RNA from the indicated sources, in a 
total volume of 1 ml. At the end of the incubation, the 
samples were chilled, 0.4 M perchloric acid was added, and to 
each series of flasks RNA was added to give a constant 
amount of RNA. The radioactivity incorporated into the 
RNA is reported. 


IN TOTAL RNA 


MICROSOMAL-RNA _| 9 
NUCLEAR-RNA 


CPM x 10°2 
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Similarly, maximal addition of the adenine 
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ATP. 
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4 4 4 4 4 
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MINUTES PREINCUBATION 


Fic. 5.—Stability of enzymes involved in 
binding of leucine to soluble RNA. In- 
dividual flasks contained 0.3 ml of S;, 0.3 


into S-RNA. 


onstrate that 


amino acid activation 
RNA in the absence of an ATP-generating 
This leads us to suggest that the 


Deoxy-CTP cannot replace CTP in this reaction. 


Conditions required for 
incorporation of 
into RNA: 
Karlier work'!~'® has dem- 
onstrated the incorporation 


optimal 
nucleotides 


of the adenine and cytosine 
nucleotides into S-RNA. 
It has been shown that 
ATP and CTP are the im- 
mediate precursors in this 
The pH optima 
of the incorporation reac- 


reaction. 


tions are shown in Figure 7. 
The substrate requirements 
for ATP and CTP have 
been found to be much 
lower for the preincubated 
pH _ 5 fraction than for the 
untreated pH 5 
Figure 6 shows that maxi- 
incorporation of the 
cytosine takes 
place when CTP 1s present 
0.05 mM. 


fraction. 


mal 
nucleotide 


low as 


nucleotide occurs with as little as 0.05 mM 
This concentration of ATP is much 
lower than the 10 mM ATP required for the 


‘ 


and transfer to S- 


nucleotide incorporation is inde- 
pendent of the incorporation of amino acids 
This suggestion is supported 
by the data in Table 4, A and B, which dem- 
the 


presence or absence of 


ml. of medium A, 10 ywmoles of ATP, 10 
umoles of phosphopyruvate, and 10 yg of 
pyruvate kinase in a total volume of 0.82 
ml. After preincubation at 37° for a defi- 
nite period, 0.2 umole of leucine-C'4 (1.82 « 
10° epm per umole) and 180 wg of S-FRNA 
prepared from the pH 5 fraction of rat 
liver were added (final volume 1 ml), the 
incubation was continued for 10 minutes 
at 37°, and the radioactivity incorporated 
into S-RNA was determined. 


amino acids does not affect the incorpora- 
tion of the nucleotides into S-RNA. 
Previously it has been demonstrated 
that cytosine and adenine nucleotides are 
added to S-RNA in that 
the adenine nucleotide is predominantly 
Near their pH optima, the 


cytosine and adenine nucleotides are in- 


sequence, and 


terminal.!!~—!6 
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corporated into the S-RNA 
at aratio of about 2:1 (Figs. 
6 and 7). When S-RNA, 
labeled with C' in the end 
group cytosine and adenine 
nucleotides is treated with 
snake venom diesterase (20 
units per ml incubated with 
200 pg S-RNA at 37° for 30 
min) the radioactivity is re- 
leased quantitatively as 5’- 
CMP-C" and 5’-AMP-C". 
Under these conditions, less 
than 5 per cent of the S- 
RNA was degraded. 
observations are in 
ment with the 
end group structure: 
pCpCpa. 


These 
agree- 
following 


RNA- 


Time study of the loss of 


nucleotides and amino acids 
from the S-RNA of the pH 6 


fraction: Figure 8 demon- 
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VALINE-C'4 4 ATP 
© ‘me 
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cTp-cl4 atp-c!4 
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+ CTP 
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Lee + dCTP * dCTP 
i — Se 


It 
e Pt aoe xl 
mM CTP or dCTP 

Fig. 6.—CTP requirement for incorporation of the cytosine 
and adenine nucleotides and valine into RNA. The incubation 
was carried out for 10 minutes at 37° in a total volume of 1 
ml. 

A. 0.75 ml of preincubated pH 5 fraction was incubated 
with increasing amounts of CTP-C' (100,000 epm per umole). 

B. 0.75 ml of preincubated pH 5 fraction was incubated 
with 0.1 mM ATP-8-C! (346,000 epm per umole) and increas- 
ing amounts of CTP e or dCTP 9. 

C. 0.75 ml. of preincubated pH 5 fraction was incubated 
with 10 mM ATP, 0.1 mM valine-C'™ (1.7 x 10° epm per 
umole) and increasing amounts of CTP e or dCTP 9. 

The incorporation of valine-C' into S-RNA in the pres- 
ence of CTP (0.03 mM or 0.09 mM) is the same as in the pres- 
ence of CTP plus an equimolar quantity of dCTP (0.03 mM 
or 0.09 mM) indicating that dCTP does not compete with 
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strates the loss of nucleo- 


tides and amino acids from the end 
groups of the S-RNA of the pH 5 frac- 
tion, under conditions which approximate 
those of the preincubation. The end 
groups of the S-RNA of the pH 5 fraction 
are labeled by appropriate incubation of 
the pH 5 fraction at 37° for 10 min with 
CTP-C', CTP and ATP-C"™, or CTP, 
ATP, and valine-C', which yield RNA- 
pC*-pC*, RNA-pCpCpA*, RNA- 
pCpCpA-val*, respectively. The reac- 
tion is stopped by chilling followed im- 


and 


mediately by dilution of the ineubation 
mixture with 10 volumes of ice-cold dis- 
tilled water. The pH 5 fractions are freed 
of reactants by two precipitations of the 
pH 5 fraction at pH 5.2. The pH 5 frae- 
tions containing the labeled RNA are in- 


° 


cubated at 37° and pH 7.6 for varying 
periods of time in the absence of added 
nucleoside triphosphates or amino acids, 
during which period there is a progressive 
loss of the labeled nucleotides or valine. 





CTP in this reaction. 
x 
ctp-cl4 ' 
° 
x 
aTp-ci4 
9 


6 7 8 
pH 
Fic. 7. pH curve for incorporation of cyto- 
sine and adenine nucleotide into RNA. The 
preincubated pH 5 fraction was dissolved in 
medium A (minus buffer) by adjustment of 
the pH to 7 with dilute KOH. Samples of 
0.60 ml preincubated pH 5 fraction were in- 
cubated with 0.20 mM CTP-C™ (86,000 epm 
per wmole ) (solid figures), or 0.20mM CTP plus 
1.0 mM ATP-8-C! (350,000 cpm per umole ) 
(open figures), and 0.05 M Tris-maleate eO, 
or 0.05 M sodium carbonate-sodium bicar- 
bonate #0 buffer at the indicated pH. 
The final volume was | ml. The incuba- 
tion was carried out for 10 minutes at 37°. 
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TABLE 4 
AbbITION OF TERMINAL GROUPS TO SOLUBLE RNA UNDER VARIOUS CONDITIONS 


RNA, : 
Initial Incubation Subsequent Incubation epm per Exchange,@ 
RNA-Prodt Additions Additions mg per cent 


A. Incorporation of Cytosine Nucleotide 


RNA-pC*pC RNA- + C4-CTP (30') None 2,100 
RNA- + C!CTP (20’) + C%4CTP (10’) 714 
RNA-pC*pC RNA- + C!=CTP 
ATP (10') None 2,530 
RNA- + C'4-CTP 
+ \TP (30’) None 2,410 
RN A- + C!CTP 
+ ATP (20') + C'*-CTP (10’) 318 
RNA- + C4-CTP 
+ ATP + aa (10') None 2,520 
RNA- + C'4-CTP 
+ ATP + aa (30’) None 2,675 
RNA- + C!2-CTP 
+ ATP + aa (20’) + C'*-CTP (10’) 113 


B. Incorporation of Adenine Nucleotide 


RNA-pCpCpA* RNA- + C4-ATP 
+ CTP (10’) None 2,700 
RNA- 
+ CTP (20’) None 2,690 
RNA- + C!*-ATP (10') None 720 
RNA- + C!*-ATP (10’) + CTP (10’) 2,675 
RNA- + C!2-ATP 


+ (10’) + C'*-ATP (10’) 2,150 
RNA-pCpCpaA *-aa + Cit nig ‘ 
+ CTP + * (10’) None 2,680 
_ A- + Cit ATP 


+ aa (20’) None 700 


(10’') + C'!*-ATP (10’) 618 
Incorporation of Valine 


RNA-pCpCpA valine* RNA- + C'!-valine 
+ ATP + CTP (10’) None 1,690 

RNA- + C!*-valine 
+ ATP + CTP (20’) None 1,640 

RNA- + C'4-valine 
+ ATP (10') None 26 


(10’) + CTP (10’) 1,873 


(10’) + C'-valine (10’) 1,755 
RNA- + C!*-valine 
+ ATP + CTP (10°) + C!4+-valine  (10’) 258 15 


* To caleulate the per cent exchange: the epm per mg RNA obtained when C!*-nucleotide (or valine) was 
present during the initial ine shanion and C'*-nue leotide (or valine) was added during the subsequent incubation is 
divided by the cpm per mg RNA obtained when the C'*-nucleotide (or valine) was present during the entire incuba- 
tion period. This value is multiplied by 100 

\ ‘he incorporation of the cytosine nucleotide was determined by incubation at 37° of 0.7 ml of the preincu- 
bated pH 5 fraction with 5 umoles of phosphopyruvate, 10 ug of pyruvate kinase, and 0.1 umole of CTP-C!4 (63,500 
epm per umole) Further additions of 1 umole of ATP and 0.1 umole each of i8 amino acids were made, as indi- 
cated. The final volume was 1 ml The minutes of incubation are given in parentheses. 

The exchange reaction was studied as follows: 0.7 ml of the preincubated pH 5 fraction was incubated with 0.05 
umole of CTP, 5 umoles of phosphopyruvate, and 10 wg of pyruvate kinase. Further additions of 1 umole of ATP 
and 0.1 umole each of 18 amino acids were made as indicated. The total volume was 0.95 ml. After 20 min. of in- 
cubation at 37°, 0.05 wmole of CTP-C'* was added (final specific activity = 63,500 cpm per wmole), and the incu- 
bation was c ontinue d for 10 min. 

3. The incorporation of the adenine nucleotide was determined during incubation at 37° of 0.7 ml of preincu- 
bated pH 5 fraction with 3 wmoles of phosphopyruvate, 10 we of pyruvate kinase, 2 wmoles of ATP-8-C'* (150,000 
epm per umole) Further additions of 0.2 umole of CTP and 0.1 wmole each of 18 amino acids were made as indi- 
eated. The final volume was1 ml. The minutes of incubation are given in parentheses. 

The exchange reaction was set up as follows: 0.7 ml of preincubated pH 5 fraction was incubated in the presence 
of 3 wmoles of phosphopyruvate, 10 wg of pyruvate kinase, 0.2 wzmole of CTP, 1 umole of ATP and 0.1 wmole each 
of 18 amino acids, when indicated, in a total volume of 0.9 ml. After 10 min. 1.0 umole of ATP-8-C'4 (0.1 ml) 
was added (final specific activity of ATP = 150,000 epm per wmole) and the incubation was continued The spe- 
cifie activity of the RNA is reported. 
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C. The valine incorporation was studied at 37° with 0.75 ml. of preincubated pH 5 fraction, | umole of ATP, 0.2 


umole of CTP, and 0.04 ymole of valine C!4 (1.7 & 106 ¢pm per umole), as indicated, and 3 umoles of phosphopyru- 


vate and 10 yg of pyruvate kinase in a total volume of | ml. The minutes of incubation are given in parentheses. 

Ihe exchange reaction was studied as follows: C!*-valine, 0.02 umole, was incubated with 0.75 ml of prein- 
cubated pH 5 fraction in the presence of 1 wmole of ATP, 0.2 umole of CTP, 3 umoles of phosphopyruvate and 10 
ug of pyruvate kinase in a total volume of 0.95 ml. After 10 min. of incubation at 37°, 0.02 umole of C'-valine 
(final valine specific activity = 1.7 X 10° cpm per wmole) was added and the incubation was continued for 10 min. 
The specific activity of the RNA is reported. 


This loss can be reversed at any time by the addition of the appropriate nucleo- 
tides and valine. The loss of the nucleotides is almost completely dependent 
on the addition of inorganie pyrophosphate provided that the pH 5 fraction 
has been preincubated and reprecipitated at pH 5.2 several times before the 
above experiment is carried out. Similarly the loss of amino acids is enhaneed 
by the addition of inorganic pyrophosphate plus AMP in such a system. This 


2,5, 8, 27 


latter observation is in agreement with previous findings. 
Addition of amino acids to 


isolated S-RNA with incom- 8a oe 8b , 8c re 
RNA-pC pC RNA-pCpCpA RNA-pCpCpA- Val 
— bboy i! E = 

» bee 1 & 

4 | + A | St 
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plete and complete end group- 
ings: RNA lacking the eyto- 
sine and adenine nucleotide 
end groupings can be iso- i 
lated by the phenol extrac- 
tion method? ?° *! from the 


B 
oad | 


preincubated pH 5 fraction. 
Such RNA (RNA-), when 


added to an incubation sys- 


CPM X 1072 IN S-RNA /ML 


Sa eee ee ere ee! Pe a a a Ee 
lO 20 3040 O 10 203040 0O 10 2030 40 
MINUTES INCUBATION 
i : Fig. 8.—Time curve of the loss of RNA end group nucleo- 
valine, does not accept valine — tides and amino acids. The RNA of the pH 5 fraction was 
unless CTP is present. RNA labeled during a 10 minute incubation at 37°. 4.5 ml of the 
ths : untreated pH 5 fraction were incubated with (a) 0.01 mM 
containing the cytosine) = CTP-C' (100,000 epm per umole); (6) 0.01 mM CTP plus 
= ‘s TD @Oi4 (248 ; . 
nucleotide group (RNA- 9-1 mM ATP-8-C' (346,000 cpm per wmole); and (c) 0.04 
ee Ris mM CTP, 10 mM ATP and 0.01 mM valine-C"™ (1.7 « 106 
pCpC) or the complete cpm per umole) in a total volume of 6 ml. After incubation 
the mixtures were chilled, diluted with 10 volumes of ice- 
’ : wey cold distilled water and the pH was adjusted to 5.2 with 1 M 
tide group (RNA-pCpCpA) acetic acid. The precipitate was washed with distilled water 
can be prepared from a pH and dissolved in medium A. The precipitation was _re- 
bain : : peated once more. The precipitate was dissolved in 4.5 ml 
5 fraction, which has been — of medium A and the volume was made up to 6 ml with dis- 
preincubated and then. in- tilled water. | ml aliquots of each labeled pH 5 fraction were 
. incubated for the indicated time intervals and the specific 
cubated in the presence of activity of the RNA was determined. In each series one 
CTP, or CTP plus ATP sample received the following additions at 30 minutes (indi- 
4 ah 3 cated by arrows) and the samples were incubated for 10 
respectively. Neither RNA- minutes longer: (a) 0.01 mM CTP-C™; (6) A—0O.01 mM 
pC nor RNA-pCpCpA CTP plus 0.1 mM ATP-C™”, B—0.1 mM ATP-C'*; and (ce) 
wits : _— A—).01 mM CTP, 10 mM ATP plus 0.01 mM valine-C", 
added to the above incuba- B—10 mM ATP plus 0.01 mM valine-C'. The specific 
activity of the RNA was determined. During the incuba- 
: : . me . tion of the pH 5 fraction the amount of RNA per ml re- 
for amino acid binding, as is mained constant. 


J 


fe) 
- 


tem containing ATP and 


adenine and cytosine nucleo- 


tion system requires CTP 


shown in Figure 9. These 
data indicate that while CTP is required for the formation of the functional nucleo- 
tide end grouping of the RNA which serves as amino acid acceptor, CTP is not a 
cofactor involved in the transfer of the amino acids to the RNA. 

Protection of the nucleotide end grouping of the RN A by amino acids: The incorpora- 
tion of the adenine and cytosine nucleotides into RNA-, which has been freed of its 
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end grouping by preincubation, is independent of the presence of amino acids, as is 


shown in Table 4, A and B. 


The binding of the amino acids to the RNA-, however, 


protects the terminal nucleotides from degradation and replacement, as shown by 


the lower exchanges in the presence of amino acids. 


The incorporation of valine 


into RNA, chosen as an example of the amino acid binding, is the same whether 
the RNA nucleotide end grouping is synthesized before the addition of valine or in 





RNA- RNA-pCpC RNA-pCpCpA 





-CTP +CTP + + 


LY 





CPM X 102 IN ADDED S-RNA 














ol -_ 


Fic. 9.—Incorporation of valine into RNA samples 
containing different end groups. The three types of 
RNA were isolated by the phenol extraction method 
from the pH 5 fraction of ascites cells, which has 
been treated in the following manner. RNA— was 
isolated from the preincubated pH 5 fraction. RNA- 
pCpC was prepared enzymatically by incubation of 
the preincubated pH 5 fraction with 0.05 mM CTP 
at 37° for 10 minutes. After the incubation the 
sample was diluted 10-fold with distilled water and 
the pH was adjusted to 5.2 with 1 M acetic acid. 
The precipitate was washed with distilled water and 
was dissolved in medium A. The RNA-pCpC was 
extracted immediately. RNA-pCpCpA_ was_ pre- 
pared by incubation of the preincubated pH 5 frae- 
tion with 0.05 mM CTP and 0.1 mM ATP at 37° for 
10 minutes. The incubation mixture was treated, 
as above, and the RNA-pCpCpA was extracted. 
The incubation mixture contained 0.7 ml. 
preincubated pH 5 fraction containing 140 yg of 
RNA—, 10 mM ATP, 0.1 mM valine-C'™ (1.83 X 
10° cpm per pmole) in | ml., and 0.2 mM CTP was 
present in the samples marked + CTP or +. A 
control pair of flasks was incubated under these 
conditions, and to the remaining flasks 150 yg of 
RNA—, RNA-pCpC, or RNA-pCpCpA were added. 
The incubations were carried out at 387° for 10 
minutes. In all cases the radioactivity incorporated 
into the total RNA in each flask was determined. 
The data reported are the epm incorporated into the 
different types of added RNA. These values were 
obtained by subtraction of the epm in RNA found 
in the control flasks from the epm in the total RNA 
found in the flasks containing added RNA in the 
presence or absence of CTP, respectively. 


basic 


adenylate, reacts only slowly with hydroxylamine at pH 5.5 at 0°." 


the presence of valine. When 
valine is bound to the RNA of the 
preincubated pH 5 fraction in the 
presence of CTP and ATP it ex- 
changes with free valine to only a 
small extent, as is shown in Table 
AC. 
der these conditions is quite possibly 


The low level of exchange un- 


due to the presence of a high concen- 
tration of ATP and valine and a 
very low concentration of AMP and 
pyrophosphate. — This 

the previously men- 


inorganic 
with 
tioned finding that 
the preincubated pH 5 fraction con- 
taining RNA-pCpCpA-val* requires 
PP and AMP to effeet maximal loss 
of valine from this labeled RNA. 
These data suggest that the amino 


agrees 
incubation of 


acids are transferred to an acceptor 
RNA which possesses intact nucleo- 
tide end groupings (RNA-pCpCpA), 
and that they are bound to the 
terminal adenine nucleotide, thereby 
preventing the replacement of the 
latter with mononucleotide derived 
from precursor ATP. 

Evidence for linkage of amino acids 
to the 2’ or 3’ hydroxyl group of the 
terminal adenine nucleotide of RNA: 
The presence of a carboxyl phos- 
phoanhydride linkage is unlikely, 
since RNA-leucine or valine is quite 
stable to heating at 100° in 10 per 
cent NaCl, pH 4 to 5,’ and since 
RNA-leucine, in contrast to leucyl- 
The un- 


reactivity of RNA-valine with ammonia to yield valine amide? under conditions 
where valyladenylate is converted quantitatively, as shown in Table 5, also sug- 


gests another type of linkage. 


Linkage of the amino acids to the 2’ or 3’ hydroxyl group of the terminal adenine 
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TABLE 5 
VaLINE AmiIpDE FORMATION IN THE PRESENCE OF VARIABLE QUANTITIES OF 
VALINE-RNA 
Valine-Amide Valine-RNA, 
Incubation epm per ml epm per ml 

Complete system 138 1,800 
-CTP 143 20 
-ATP 20 7 
+ 110 ug RNA 195 2,960 
+ 230 ug RNA 223 4,380 
+ 110 wg RNA, -CTP 147 92 

The complete system contained 1.5 ml of preincubated pH 5 fre action (containing 220 
ug RNA per 1.5 ml), 10 mM ATP, 0.2 mM CTP, 0.01 mM valine-C'* (11.7 X 106 epm per 
umole) in a total volume of 2 ml. Omissions of CTP, ATP, and addition of RNA prepared 
from a preincubated pH 5 fraction of rat liver were made as shown. The incubation was car- 
ried out at 37° for 15 min. The reaction mixture was then chilled and one aliquot from each 
flask was pipetted rapidly into ammonia-ethanol at 78° for the determination of valine 
amide. The total epm in RNA per ml of incubation mixture were determined in a second 
aliquot. After addition of perchloric acid, RNA was added to the flasks to give a constant 
quantity of RNA per flask. 


nucleotide is suggested by the demonstration of inhibition of the transfer of the 
amino acid to RNA-pCpCpA by borate ions, as shown in Table 6. At pH 8.5 
borate ions complex with 2’ and 3’ hydroxyl groups of ribose®® and thereby might 
be expected to prevent the linkage of the amino acid and of the mononucleotides 
to this site on the RNA. It is also possible that the borate inhibition may occur in 


some other way. 


TABLE ¢ 
INHIBITION OF VALINE AND NUCLEOTIDE INCORPORATION INTO RNA By BoRATE IONS 
Buffer System, epm per mg RNA Inhibition, 


Incubation System Tris-maleate Sodium borate per cent 
CTP-C'4 + RNA- 5: 145 73 
ATP-C!* + RNA-pCpC 998 240 76 
Valine-C'* + ATP + RNA-pCpCpA 5,88 1,100 81 
I. Cytosine nucleotide incorporation into RNA of the preine ubated pH 5 fraction was measured in the presence 
of pH 8.5 0.15 M Tris-maleate or 0.15 M sodium borate buffers. 0.7 ml of preincubated pH 5 fraction (containing 
10 uz RNA) was incubated with 80 ue RNA-(isolated from a preincubated pH 5 fraction of rat liver) in these buffers 
for 10 min. at 37°. 0.01 umole of CTP-C'* was then added and the incubation was continued for 10 min. at 37 
rhe final volume was 1 ml 
II. Adenine nucleotide incorporation into RNA-pCpC:RNA-pCpC was formed during a 10-min. incubation 
at 37° of 0.7 ml preincubated pH 5 fraction, 80 wg RNA-(isolated from a preincubated pH 5 rat liver fraction), plus 
0.2 umole of CTP, in a total volume of 0.8 ml. Thereafter Tris-maleate or sodium borate buffer was added, as 
above, and the samples were kept at 37° for 10 min. 0.5 umole of ATP-C'* was then added and the incubation 
was continued for 10min. The final volume was | ml 
I Valine incorporation into RNA-pCpCpA:0.7 ml of preincubated pH 5 fraction was incubated for 10 min. 
at 37° with 80 we RNA-(isolated from the preincubated pH 5 fraction of rat liver), 0.24 mole of CTP, and 1 wmole 
of ATP to form RNA-pCpCpA._ Tris-maleate or sodium borate buffer was then added and the samples were kept 
at 37° for 10 min. 0.1 umole of valine-C'4 and 9 wmoles of ATP were then added and the incubation was continued 
for 10 min 


The specific activities of the RNA and the percentage inhibition in the presence of borate ions are reported. 

Evidence for the linkage of the amino acids to the 2’ or 3’ hydroxy! group of the ri- 
bose of the terminal adenine nucleotide of RNA is the reduced reactivity of this group 
with periodate in the presence of the amino acids. Whitfield?* has shown that after 
oxidation with periodate, the terminal nucleoside of a di- or trinucleotide is readily 
split off at pH 10 while ordinary phosphodiester linkages are stable. RNA having a 
labeled terminal adenine nucleotide carrying amino acids was prepared (RNA- 
pCpCpA*-amino acid). One-half of this was treated with dilute alkali to release 
the amino acids, thus forming RNA-pCpCpA*. Both types of RNA were allowed 
to react with sodium periodate, and the resultant products were hydrolyzed with 
0.05 M glycine buffer at pH 10 for 30 hrs. The hydrolyzates were chromatographed 
on Dowex-l-formate resin. RNA was held on the column, and the adenine split 
product was eluted with 0.05 WM HCOOH. The data in Table 7 show that a larger 
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percentage of terminal adenine nucleotides was oxidized and hydrolyzed from the 
RNA sample which had been treated with alkali to free it of amino acids, thus 
indicating that in the presence of amino acid, some of the 2’ or 3’ hydroxyl groups 
of the terminal adenine are inaccessible to oxidation by periodate. Under ideal 
conditions, RNA-pCpCpA-amino acid should not react with periodate, whereas 
RNA-pCpCpA should react quantitatively. In the above experiment, the release 
of amino acids from RNA by alkali is apparently incomplete since only 71 per cent 
of the counts were released from the alkali treated RNA by periodate oxidation 
instead of the theoretical 100. In addition the RNA-pCpCpA-amino acid ap- 
parently was not fully saturated with amino acids since some terminal 2’ or 3/ 
hydroxyl groups (38 per cent) were available to react with periodate. Under the 
experimental conditions used for the isolation of RNA-pCpCpA-amino acid some 
amino acids may well be lost from the RNA. Nevertheless, the experiment adds 
evidence that the presence of the amino acids makes a number of the 2’ or 3’ 
hydroxyl groups of the terminal adenine nucleotide of the RNA inaccessible to 
oxidation by periodate. 


TABLE 


COMPARISON OF THE EXTENT OF OXIDATION OF ADENINE-LABELED RNA 
BY PERIODATE IN THE PRESENCE AND ABSENCE OF BouND AMINO ACIDS 


Splitting of RNA with Glycine Buffer 
pH 10, per cent of total epm released 
After Oxidation 


( Adenine Labeled RNA Control by Periodate 


Alkali-treated RNA 5 71 
RNA-containing amino acid 6 38 


The labeled RNA containing amino acids was formed during 30 min. incubation at 37 
of 10 ml Ss; and 5 ml of pH 5 fraction with 3 mg RNA, isolated from rat liver pH 5 frae 
tion, in the presence of 1 mM ATP-8-C!4 349,000 cpm per pmole), 0.1 mM CTP, 10 
mM phosphopyruvate, 200 ug pyruvate kinase, and 0.4 mM of each of 18 amino acids in a 
total volume of 20 ml After the incubation the mixture was chilled, and precipitated 
at pH 5.2, the precipitate was dissolved in medium A and reprecipitated at pH 5.2 and 
these steps were repeated once more RNA was isolated as described, and dialyzed 
against 10 per cent NaCl for 8 hrs, and against 3 changes of distilled water for 2 hrs. One- 
half of the RNA was treated with 0.005 N NaOH at 37° for 15 min. to release the amino 
acids,? and after chilling the sample was neutralized with HCl. Aliquots of untreated 
and alkali-treated RNA were taken as control samples at this stage The untreated 
and alkali-treated RNA were then treated with sodium periodate (final concentration 
0.5 M) at room temperature for 2 hrs. The excess periodate was removed by addition 
of excess glucose. The RNA was then dialyzed for 12 hrs. against 6 changes of 2 liters of 
distilled water at 2 The RNA was then hydrolyzed at 37° for 30 hrs. with 0.05 MV 
glycine buffer, pH 10. The RNA samples were placed on Dowex-1 X 10 formate 
resin (9 X 0.7 em) and the adenine split product was eluted with 0.05 VN HCOOH. 5 
ml fractions were collected until the radioactive peak had been eluted. The total radio- 
activity found in this fraction was determined, and the percentage of the radioactivity 
released from the RNA is reported. The samples treated with periodate each con- 
tained 3,300 epm when placed on the columns. Under these conditions of periodate 
oxidation, RNA-pCpCpA-Val* is stable and less than 5 per cent of free valine is formed. 


Discussion..-The RNA isolated from the freshly prepared pH 5 fraction of the 
supernatant fraction generally contains the cytosine and adenine nucleotide end 
group and it is at least partially saturated with amino acids. Nucleotides and 
amino acids are lost from the RNA on incubation of the pH 5 fraction in the absence 
of CTP, ATP, and amino acids, and in the presence of inorganic pyrophosphate and 
AMP. The demonstration of the separate steps involved in the linkage of amino 
-RNA ean thus be shown best after the S-RNA has been freed of these 
end groups. Under the conditions described, three separate steps can be defined. 
The first is the addition of one or two cytosine nucleotide end groupings to the RNA. 
This addition ean oecur in the absence of amino acids. Second, the adenine nucleo- 
tide can be added to the RNA-pCpC when ATP is present at a concentration which 


acids to the S 
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is insufficient for the activation and transfer of amino acids to S-RNA. The third 
step is the linkage of an activated amino acid to RNA-pCpCpA. Berg and Ofeng- 
and’ report that this last reaction may be catalyzed by the same enzyme that acti- 
vates the amino acid, since the relative activities of methionine activation and 
transfer to RNA remain constant during a 100-fold purification procedure. 

The site of amino acid linkage to RNA appears to be the 2’ or 3’ hydroxyl group 
of the terminal adenine nucleotide of the supernatant RNA, as is indicated in this 
communication and by the complementary direct finding of Zachau et al.'’ who 
describe the release of 2’ or 3’ leueyladenosine from RNA-leucine by ribonuclease. 
The mode of the amino acid linkage to S-RNA is probably the same for all amino 
acids, since all of the 14 amino acids tested required the presence of the same nucleo- 
tide end group. Different RNA molecules, each possessing the same nucleotide end 
grouping, appear to exist, since the individual amino acids are incorporated into 
S-RNA additively and since there is no competition for sites on the S-RNA between 
natural amino acids. Partial separation of RNA fractions specifie for attachment 
of particular amino acids has been reported by Schweet et al.22 The number of 
nucleotide end groups attached to the S-RNA is of the right order of magnitude to 
accommodate all the amino acids on the terminal adenine nucleotides of specific 
S-RNA molecules. For example, Figure 6 shows that under optimum conditions 
38 and I7 myumoles of the cytosine and adenine nucleotide, respectively, are in- 
corporated per mg of S-RNA, while the maximum incorporation of valine into 
S-RNA is | mumole per mg S-RNA. 

Since all of the amino acids examined have required the -pCpCpA terminal group- 
ing on S-RNA, it is obvious that the specificity or coding does not reside in those 
nucleotides proximal to an activated amino acid. 

Under these conditions, the lack of competition among natural amino acids, the 
low (and physiological) concentrations of the substrates required,?* and the fas- 
tidious conditions for the incorporation of amino acids into preincubated RNA sup- 
port the opinion that these are reactions involved in the biosynthesis of protein. 
The soluble RNA molecules thus appear to be carriers of activated amino acids, each 
RNA molecule coded in some fashion for a specific amino acid, and in turn perhaps 
coded for a specific, complementary site on the ribonucleic acid portion of the ribo- 
nucleoprotein particle which serves as a protein synthesizing template. In this 
connection there is some indication for the transfer of at least a part of the S-RNA 
to the RNA of the ribonucleoprotein particle.*°~** 

Summary.—The functional unit of the soluble ribonucleic acid which is required 
for the binding of amino acids to ribonucleic acid is a specific nucleotide end group- 
ing. Under the conditions described, this consists of two cytosine nucleotides 


followed by a terminal adenine nucleotide. These nucleotides can be added to 
ribonucleic acid reversibly. Of 14 amino acids tested, all are incorporated into 


soluble ribonucleic acid to a much greater extent when the ribonucleic acid possesses 
this specific trinucleotide end grouping. 

Kvidence is presented, which indicates that the amino acids are bound in ester 
linkage to the 2’ or 3’ hydroxyl group of the terminal adenine nucleotide of the 


soluble ribonucleic acid. 


The authors wish to thank Dr. Robert Loftfield for generous supplies of C!- 
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labeled amino acids, and for valuable help and criticism. We are also indebted 
to Dr. Mahlon B. Hoagland and Dr. Jesse F. Scott for helpful advice and to Miss 
Barbro Karlen and Mr. Spencer Berry for technical assistance. 


* This work has been supported by grants-in-aid from the U.S. Atomic Energy Commission, the 
American Cancer Society, and the United States Public Health Service. This is publication No. 
952 of the Harvard Cancer Commission. 

t Present address: Biochemistry Department, Oxford University. 

{ Similar findings are also reported currently by J. Preiss, P. Berg, E. J. Ofengand, F. H. 
Bergmann and M. Dieckmann, Proc. Nat. Acap. Sct., 45, 319-328 (1959). 

§ Tris, tris(hydroxymethyl)aminomethane; PP, inorganic pyrophosphate. 

Under other experimental circumstances, Herbert finds one cytosine nucleotide and a terminal 
adenine nucleotide (Herbert, E. B., personal communication ). 
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ON THE ABSORPTION OF HETEROCYCLIC ELECTRON 
DONORS AND ACCEPTORS* 


By Irvin ISENBERG AND ALBERT SZENT-GYORGYI 


INSTITUTE FOR MUSCLE RESEARCH, MARINE BIOLOGICAL LABORATORY, 
WOODS HOLE, MASSACHUSETTS 


Communicated February 2, 1959 


B. and A. Pullman! ? have recently calculated a number of energy levels for 
molecules of biological interest. These calculations appear to be of considerable 
importance for correlating and predicting electron donor and acceptor properties. 
The position of the highest filled energy level determines the donor properties of the 
molecule while the position of the lowest empty level serves as a parameter for 
judging the acceptor properties. In their papers the Pullmans showed that their 
results helped to explain a number of experimental results such as the solubilizing 
effects of purines on hydrocarbons,’ the specificity of tryptophan rather than tyro- 
sine or phenylalanine for complexing with riboflavin,’ the autooxidizability of 
F MN Hp, and the relative electron affinities of riboflavin and the pteridines.® 

The calculation of energy levels for polyatomic molecules is necessarily based 
upon approximations. It is, therefore, of interest to attempt to estimate the 
accuracy of the results. This is particularly the case here since the computed 
energy levels may ultimately prove useful in developing a theory of oxidative 
metabolism. It would therefore be useful to have reasonable assurance that the 
errors in the positions of the energy levels were much smaller than an energy of direct 
metabolic interest, say the energy of a high energy phosphate bond. It therefore 
seems desirable to compare the difference between the computed highest filled and 


lowest empty orbital with the experimentally observed longest wave length 2-2* 
transition. Such a comparison is elementary but, for reasons stated, far from 


trivial. 

An accurate comparison of theory with experiment requires a knowledge of the 
vibrational structure of the observed electronic transition. The O,O transition 
should then be compared with the computed value. However, the vibrational 
structure is, in general, unknown and hence there is no knowledge of the position of 
the O,O transition. In lieu of this knowledge the maximum of the longest wave- 
length absorption band will be taken and for our purposes this may be sufficient. 
The position of the maximum will be determined by the transition that satisfies 
the Frank-Condon principle. However, large conjugated systems tend to have the 
Krank-Condon optimum not too far from the O,O transition. Therefore, for the 
molecules that we shall consider we may expect deviations of only a few per cent, 
vibrational levels being of an order of 1000 em~! apart while the electronic transi- 
tions are of the order of 15,000 to 30,000 em~!. We may, however, expect an 
occasional large deviation in cases in which the transition demanded by the Frank- 
Condon principle differs greatly from the O,O transition. 

Table 1 shows the experimental maximum of the longest wave-length absorption 
and the difference between the calculated lowest empty band and highest filled 
band in units of 8, the resonance integral of the LCAO method. The product of the 
two is shown. This product, subject to the limitations discussed, should be a 
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constant since it is a measure of the ratio of the theoretical to the computed transi- 
tion energies. It may be seen that with but a few exceptions the value is constant 
to within a few per cent. We may consequently assume that the values presented 
by B. and A. Pullman are in error, at most, a few per cent. The values may indeed 
be even much better. 

From Table 1 we may compute a value of 8, viz., 8 = 3.26 e.v. = 75,000 cal /mol. 
We therefore see that an error in the energy levels of a few per cent is smaller by 
almost an order of magnitude than the energy of a high energy phosphate bond. 
The computed energy levels may therefore be used with some confidence for con- 
siderations of oxidative metabolism. 

Substances that have their longest wave-length absorption band in the visible 
region of the spectrum will have a shorter energy gap between the lowest empty 
energy level and the highest filled level than substances that absorb in the ultra- 
violet only. A short energy gap means either that the lowest empty level is low 
and hence the substance is a good acceptor or that the highest filled band is high 
and hence the substance is a good donor. If the energy gap is small enough the 
substance may be both a good donor and a good acceptor. We therefore see that, 
in general, colored substances will tend to be better donors and/or acceptors than 
substances that absorb only in the ultraviolet. Of the colored substances those 
that absorb in the red will tend to be the better donors and/or acceptors. “Thus 
blue substances will tend to be quite good as electron donors or acceptors. No- 
table exception will, of course, occur and substances that have their longest wave- 
length absorption in the UV may still be good donors and very poor acceptors or 


vice versa. 


TABLE 1* 


Theoretical 
Wave Length Lowest Transi Deviation of 

Maximum tion Energy AP f AAP 

A(in my) in Units of 8) AAP from Average, ‘% 
Adenine 200 1.35] 351 fs 
Guanine 275 1.357 372 2 
Hypoxanthine 252 1.284 324 14 
Xanthine 268 1.447 387 2 
Uracil 259 1.557 102 6 
Thymine 265 1. 468 388 2 
Cytosine 268 1.390 5 i 2 2 
5-Methyleytosine 27 1.326 363 | 
Phenylalanine 208 1.901 396 | 
Tyrosine 224 1.792 101 6 
Histidine 205 1.820 371 2 
Tryptophane 280 1.397 390 3 
tiboflavin 150 0.839 378 0.3 
Pteridinet 298 1.250 375 l 
Folie acid 348 1. is 108 8 
DPN * 260 1.388 360 5 
DPNH 340 1.213 $12 i) 

Average 379 


* Data from Biochemisches Taschenbuch. 

t Wave length maximum taken from 8. F. Mason 

There is another peak at 380 my but this is an n — 7* transition. 

* This research was supported by the grant H-2042R of the National Heart Institute, a grant 
from the Commonwealth Fund, the National Science Foundation, the Association for the Aid 
of Crippled Children, and the United Cerebral Palsy Associations. 
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ISOLATION AND PROPERTIES OF By COENZYMES CONTAINING 
BENZIMIDAZOLE OR DIMETHYLBENZIMIDAZOLE* 


By H. Wetssspacu,t J. Tooury, anv H. A. BARKER 


DEPARTMENTS OF BIOCHEMISTRY AND AGRICULTURAL BIOCHEMISTRY, 
UNIVERSITY OF CALIFORNIA, BERKELEY 


Communicated February 4, 1959 


Cell-free extracts of Clostridium tetanomorphum convert glutamate via 8-methyl- 
aspartate to mesaconate. The step from glutamate to 8-methylaspartate has 
been shown! to require a coenzyme that has been isolated from C. tetanomorphum 
and identified as a derivative of pseudovitamin By. This coenzyme, which we 
designate adenine-B,. coenzyme, contains two moles of adenine, one of which is 
attached to ribose as in pseudovitamin By», whereas the other is probably attached 
to a double bond in the corphyrin ring system in such a way as to greatly modify 
the spectrum. 

We now wish to report the isolation of two additional forms of the By, coenzyme. 

Several bacteria, such as /. coli? and Propionibacterium species,* are known to 
form different cobalamins when grown in the presence of different heterocyclic 
bases. We have found that C. tetanomorphum possesses the ability to utilize 
benzimidazole and 5,6-dimethylbenzimidazole? in a similar manner in the formation 
of By coenzymes. By growing this bacterium in the presence of one of these 
compounds, the formation of the adenine-B,; coenzyme is suppressed, and the 
corresponding benzimidazole coenzyme is produced in comparable amount. In 
this way we have prepared, and subsequently isolated by ion exchange methods, 
micromolar amounts of a benzimidazole-By coenzyme and a_ 5,6-dimethyl- 
benzimidazole-B,» coenzyme. 

The spectrum of a highly purified sample of the benzimidazole-B,» coenzyme is 
compared with that of the adenine-B,» coenzyme in Figure 1. The spectrum of the 
5,6-dimethylbenzimidazole-B,. coenzyme is almost identical with that of the 
benzimidazole coenzyme and therefore is not shown separately. Both of these 
coenzymes have absorption maxima at 261, 375, and 519 mu; the corresponding 
molar extinction coefficients in neutral solution are 35.5, 9.90, and 7.55 xX 10° 
cm?/mole, respectively. The most conspicuous difference between the spectra of 
the benzimidazole- and adenine-B,, coenzymes is in the region above 400 mu 
The adenine coenzyme has a broad peak with a maximum at 458 my and a relatively 
slight absorption above 500 my, and it is orange in color. The benzimidazole 


coenzymes have a broad absorption peak with a maximum at about 519 my and 
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they are red. A significant feature of the spectra of the benzimidazole coenzymes, 
which they share with the adenine coenzyme, is the absence of the high absorption 
peak in the 360 my region, which is characteristic of other cobalamins. The 
relatively high absorption of the benzimidazole coenzyme in the 260 my region, as 
compared with vitamin By, is attributable to the presence of an additional mole of 
adenine in the molecule (see below). 

Benzimidazole was identified as a product of acid hydrolysis (6 N HCl for 18 
hr at 150°) of the benzimidazole-B,. coenzyme. The hydrolyzate was made 
alkaline and the liberated base was extracted with chloroform. Benzimidazole 
was identified and estimated quantitatively by its characteristic absorption spec- 
trum and by its fluorescence peak at 360 my when activated by light at 272 my 
in 0.1 N acetic acid: it was further characterized by paper chromatography using 





0.1 N acetie acid as a solvent (R, 0.72). The quantity of benzimidazole re- 
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Fic. 1.-Absorption spectra of 1.51 & 1LO-> M = adenine-By2 
coenzyme and 2.64 & 107° M > benzimidazole-B,. coenzvme in 
0.02 M sodium acetate buffer pH 6.7. 


covered from the hydrolyzate corresponded to 0.80 mole per mole of corphinamide. 
5,6-Dimethylbenzimidazole was identified as a product of acid hydrolysis of the 
corresponding coenzyme by similar methods. 

Both of the benzimidazole-B,» coenzymes differ from the corresponding vitamins 
by containing adenine. The adenine can be removed by vigorous acid hydrolysis, 
by treatment with cyanide ion or by exposure to light. Adenine has been isolated 
from an acid hydrolyzate (1 N HCl, 1 hr, 100°) by paper or column chromatog- 
raphy and identified by its R,, its characteristic absorption peak at 260 my in 
neutral solution and at 267 mu in alkali. Quantitative determinations showed the 
presence of approximately one mole of adenine per mole of corphinamide. 

All three of the By. coenzymes are active in the enzymatic assay system. The 
benzimidazole-By. coenzyme is much the most active, whereas the 5,6-dimethyl- 
benzimidazole-B,. coenzyme is the least active. The relative molar activities of 
the benzimidazole-, adenine-, and dimethylbenzimidazole-B,. coenzymes are 
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approximately 100, 17, and 1.6, respectively. The absolute activity of the benzi- 
midazole-Bi. coenzyme under our usual assay conditions is approximately 2,000 
units per ymole, the activity unit corresponding to a change of one absorbance unit 
per minute at 240 my.! Therefore it is possible to assay with some accuracy a 
sample containing approximately 10~° umole (1.5 & 10>? wg) of benzimidazole-By» 
coenzyme, 10~* umole of adenine-B,, coenzyme or 10~* umole of 5,6-dimethyl- 
benzimidazole-Bi. coenzyme. 

The benzimidazole-B,. coenzyme, like the adenine-B,. coenzyme,' is readily 
inactivated by exposure to visible light or cyanide ion. On exposure to light, the 
absorption maximum at 375 mu disappears, the single peak at 519 my is changed to 
a double peak with maxima at 498 my and 522 muy, and a large new peak appears 
at 350 my (Fig. 2). The spectrum of the light-inactivated benzimidazole-B,, 
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Fic. 2.-Absorption spectra of light-inactivated By). coenzymes. 
Solutions of both coenzymes were exposed to a 100 watt tungsten 
lamp for 25 minutes at a distance of 15 em at 0°C. The benz- 
imidazole-B,. coenzyme solution was 2.64 * 10°5 M. To 
facilitate comparison of the two spectra, the absorbance of the 
light-inactivated adenine-B,. coenzyme was arbitrarily assigned 
the same value as that of the light-inactivated benzimidazole- 

By at 351 mu. 





coenzyme is very similar to that of the light-inactivated adenine-B.» coenzyme. 
On treatment with 0.1 7 cyanide ion, the color of the benzimidazole-B,. coenzyme 
changes from red to purple, and the new spectrum is typical of dieyanocobamides 
except for the larger absorption in the 260 my region (Fig. 3). The spectrum of the 
dimethylbenzimidazole-B,. coenzyme is modified in the same ways by exposure to 
light or cyanide. With all of the By coenzymes, treatment with cyanide causes 
rapid liberation of one mole of adenine and formation of the corresponding By 
vitamin. 

The adenine-B,, coenzyme is rapidly inactivated by mild acid hydrolysis (0.07 
N HCL 10 min, 85°). The two benzimidazole-B,,. coenzymes, on the contrary, are 
relatively insensitive to hydrolysis under these conditions, apparently because of 
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BENZIMIDAZOLE -B,, COENZYME 
—— IN WATER 
IN OIM KCN 


4 IN MILLIMICRONS 


Absorption spectra of 1.91 & 10°° M_ benzimidazole- 
By coenzyme in water and in 0.1 M KCN, 


the much greater stability of the benzimidazole-ribose linkage as compared to the 
adenine-ribose linkage. The great difference in sensitivity to mild acid hydrolysis 
provides a convenient method of distinguishing between purine- and benzimidazole- 
Bi. coenzymes in crude preparations. After 5 min hydrolysis under the above 
conditions, over 90 per cent of the adenine-B, coenzyme is inactivated, whereas 
only 8 per cent of the activity of the benzimidazole-B,, coenzyme is lost. 

The occurrence of By coenzymes in two other biological materials has been 
observed. A coenzyme with the same spectrurn and the same specific activity in 
the enzymatic assay as the 5,6-dimethylbenzimidazole-B,. coenzyme from C. 
tetanomorphum was obtained from rabbit liver and from dried cells of a species of 
Propionibacterium.® With liver, the yield of coenzyme was relatively low, 0.015 
umole per 250 gm of fresh liver, because of losses during extraction and isolation. 
Since the losses during isolation from liver were at least 80 per cent, the actual 
coenzyme content per 100 gm of fresh liver must be approximately 0.03 umole. 
This corresponds to about 80 per cent of the reported vitamin By, content (0.088 
umole/ 100 gm) of beef liver.6. The coenzyme content of the dried propionic acid 
bacteria was considerably higher, approximately 0.05 umole per gram. At. least 
60 per cent of the total cobalamin in this preparation appeared to be in the coenzyme 
form. 

Since the By coenzymes are present in considerable amount in organisms that 
have been previously reported to contain By» vitamins, the question arises as to 


why the coenzyme forms, with their distinctive spectra, have been overlooked. 


The answer appears to lie in the methods that have been used to extract cobalamins 
from biological materials. These methods have commonly involved heating for a 
considerable time in weakly acid solution, addition of cyanide ion, and exposure to 
light. Each of these treatments accelerates the conversion of the coenzyme forms 
to the vitamin forms. Even relatively brief exposure to cyanide ion or light ean 
cause a more or less quantitative decomposition of the Bi. coenzymes. 

The isolation of the adenine-, benzimidazole- and 5,6-dimethylbenzimidazole-By» 
coenzymes from (. telanomorphum and the demonstration that they possess similar 
spectra and similar sensitivities to light and cyanide ion, establish the existence of a 
new class of corphinamide derivatives possessing biological activity. The further 
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identification of the dimethylbenzimidazole-B,. coenzyme in propionie acid bacteria 
and rabbit liver suggests that these compounds may be active in a wide range of 
organisms. In the two bacteria and in rabbit liver, the only biological materials 
so far examined, a considerable fraction of the total cobalamin is present in the 
coenzyme forms. These coenzymes may be the main forms of By and By-like 
compounds that are catalytically active in the enzymatie reactions of living cells. 

The discovery of the coenzyme forms of vitamin B,» opens new possibilities for 
the study of enzymatic processes, such as the synthesis of methionine,’ of protein,* 
and of deoxyribonucleosides® in which the vitamin is believed to participate. Also, 
in the treatment of pernicious anemia, the coenzyme theoretically could be more 
effective than the vitamin under some circumstances. For example, the coenzyme 
may be absorbed from the digestive tract more readily than the vitamin in the 
absence of intrinsic factor."° Also, conditions may exist in which, beeause of a 
block in the conversion of vitamin to coenzyme, only the latter has therapeutic 
value. These possibilities still require exploration. 

* This investigation was supported by a research grant (1-563) from the National Institutes 
of Health, Public Health Service, and by a research contract with the Atomic Energy Commission. 

+ Investigator, National Heart Institute, National Institutes of Health. 
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ELECTRON MAGNETIC RESONANCE OF CH(COOH).* 
By T. Cote, C. HELLER,t AND H. M. McConneuut 


GATES AND CRELLIN LABORATORIES OF CHEMISTRY, * CALIFORNIA INSTITUTE OF TECHNOLOGY, 
PASADENA 


Communicated by Richard M. Badger, February 18, 1959 


We have carried out a detailed analysis of the electron magnetic resonance 


spectra of single crystals of malonie acid that were subjected to 50-kv. X-ray 


damage at room temperature. <A typical spectrum of an aged single erystal is 
shown in Figure 1. The positions and intensities of the principal signals (1—4 in 
Fig. 1) depend on the crystal orientation relative to the applied magnetic field 
(3,400 gauss). All of the observed spectra can be accounted for in terms of the 
following set of assumptions. 
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Kia. 1.—Electron magnetic resonance of an X-ray irradiated single crystal 
of malonie acid. Signals 1, 2, 3, and 4 arise from hyperfine interactions be- 
tween the odd electron and the a-proton in the radical CH(COOH)s. 


(a) The radicals giving signals 1-4 in Figure 1 have the formula CH(COOH)». 

(b) The earbon, oxygen, and carboxyl hydrogen atoms have very nearly the 
sume positions in the unit cell as they did in the parent CH.(COOH)» molecules. ! 
In CH(COOH), the a-proton is coplanar with the three carbon atoms. (Since the 
two CH.(COOH)., molecules that are present in the undamaged unit cell of this 
triclinic crystal are related to one another by a center of symmetry, the above 
assumptions require that all radicals either have identical orientations, or be 
related by a center of symmetry. Thus, all CH(COOH). radicals must give 
identical spectra for each crystal orientation, as observed.) 

(c) The Hamiltonian for the a-proton-electron hyperfine interaction is, 


I 


KY = AS,I, + BS,1, + CS, y () 


where the x, y, 2 axes are fixed in the radical, as shown in Figure 2. The observed 
values of A, B, C are 


Aw,| = 30 + 2 Me 
Bobs | 61.5 + 2 Me 
Cons| = 92.5 + 2 Me 


The signs of the above coupling constants were not determined, but their relative 
signs were all shown to be the same. This analysis will be presented in detail else- 
where. 

(d) The very weak satellite lines in Figure | are due to a second radical species 
present in relatively lower concentration. 

The above experimental values of A, B, and C can be understood as follows. 
Write A = a+ A,, B =a+ By, C = at (Co where a is the isotropic contact 
contribution to the hyperfine coupling, and A,, By and Cy are the distributed di- 
polar contributions. Since Ay + B, + Cy = 0, the experimental absolute value 
for ais 
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Sketch of the z-electron radical CH(COOH).. The dotted area 
represents the z-electron spin distribution 


obs = '/s A obs a Bos - Cops 
= '/3) Aovs| +'/s| Bons| +'/3| Cons 
63 + 2 Mc 


This result strongly suggests that CH(COOH). may be regarded as a x-electron 
radical with a central carbon atom spin density? p of approximately one. That 
is, for 2-electron radicals it has been proposed,’ and shown on theoretical’ and 


experimental grounds,® that the isotropic proton hyperfine coupling can be related 


to the z-electron carbon atom spin density through the equation, a = Qp, where 
the semiempirical absolute value of Q is 63 Me. It has been suggested on theo- 
retical grounds* ® that Q has a negative sign. If we then take a = —63 Mc, and 
use values for Ay, By, and Cy obtained for a single unpaired z-electron in a Slater 
atomic orbital’ (A, = 43 Mc, By = —4.6 Me, C, —38.7 \/c), then we obtain 
the following theoretical values for A, B, C. 


Biiies — — 20 Me 
Bineoo = —67.6 Me 
C theo —101.7 Me 


These theoretical results are in remarkably good agreement with the observed 
A, B, C7 On the other hand, a positive sign for Q leads to complete qualitative 
as well as quantitative disagreement between the calculated and observed values 
of A, B, C. We therefore believe that our observed values for A, B, C, together 
with the distributed dipole calculation,’ provide strong evidence for a negative value 
for Q, and for negative spin densities at o-protons adjacent to carbon atoms with 
positive m-electron spin densities. 
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HIGH-ACCURACY MECHANICAL INTEGRATION BY SHEAR IN 
VISCOUS LIQUIDS 


By CHARLES 8S. DRAPER AND Morton FINSTON 
MASSACHUSETTS INSTITUTE OF TECHNOLOGY, CAMBRIDGE 


Read before the Academy, November 18, 1957 


Abstract. Integration from the standpoint of instrumentation is provided by 
any device wherein the time rate of change of an output quantity is accurately 
proportional to the input quantity. Viscous shear in fluids is a very useful means 
of realizing integration when mechanical torque acts as the input and the angular 
velocity of a rotor with respect to a stator is the output. This type of integration 
is widely used in situations requiring high accuracy for oscillatory inputs with 
output angles restricted to small magnitudes. The paper outlines the background of 
viscous-shear integration and develops concepts for describing integrator opera- 
tion. These concepts are applied to the practically important case of the single- 
degree-of-freedom integrating gyro unit as an illustration of viscous-shear-integrator 
operation. The physical dimensions and fluid properties associated with gyro unit 
integrating components are taken as typical of the problems that may be solved 
by viscous-shear integrators. 

The essential problem is that of causing shearing forces in a thin fluid layer 
between a cylindrical rotor and a cylindrical stator to produce a torque on the 
rotor with its magnitude closely proportional to the relative angular velocity be- 
tween the two cylinders. For practical applications, this proportionality should 
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be at least as accurate as one part in one hundred thousand. Physical properties 
of a fluid which influence the accuracy obtainable with this configuration are 
discussed. It is found essential to use a Newtonian fluid in an isothermal state. 
A detailed mathematical analysis of the fluid motion determines limits for physical 
dimensions, frequency, and amplitude of rotor motion. 

Introduction.—Integration, from the standpoint of mechanization, is the process 
of generating an output that depends on the summation of small increments 
determined by the input. The information involved may be represented in digital 
terms or it may be related to continuous variations of physical quantities. In 
this paper, digital devices are excluded from consideration and attention is con- 
centrated on continuous-variable instruments that fall into the class of analogue- 
type® integrators. Mechanical integrators of this kind may depend on geometrical 
changes among rigid members in the fashion commonly used in ball-and-disk 
integrators, or the principle of torque summation by a rigid member may be applied 
to generate the output as a mechanical displacement. A number of other instru- 
ment-design schemes’ are available for integrators, but for present purposes they 
will be disregarded. The discussion will emphasize special types of torque-sum- 
mation integrators in which shearing action in a thin layer of viscous liquid is used 
to provide the essential effect. 


Perfect Integrator.—F igure 1 is the basic 





functional diagram for any integrating 
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For a perfect integrator, the sensitivity is constant, so 








rate sensitivity of the integrator. The that 
important property of a perfect integra- seas fF? dud (2) 
tor is that this sensitivity is constant. a g Sokaand 

Illustrative Torque-Summation Integra- Your) ~ Nouryo = StintMaray our) J Mind GD 
tor.—F igure 2, a is a pictorial schematic . 
diagram that shows the essential compon- Fig. 1. Functional diagram and performance equation for 
ents of an illustrative torque-summation the generalized perfect intograter. 
integrator. The input quantity is torque L_ _— 





supplied by an external operating com- 
ponent that is unaffected by any action of the integrator. This input is applied 
to the torque summing member, which is also subjected to drag from an integrating 
element that is essentially a viscous-shear damper. The integrator output is 
physically the angular position of the torque summing member with respect to the 
integrator case. This output is indicated by the position of an index fixed to the 
rotor with respect to a scale fixed to the stator. 

Figure 2, b is a functional diagram for the integrator of Figure 2, a. In practice, 
any change in the input torque will be absorbed in three ways: 
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Notes: Inertia reaction effects appear whenever matter is accelerated. This makes it impossible to isolate any single operating component 
as the seat of inertia reaction torque and no such component is represented in the diagram. It is understood that inertia reaction 
torque exists and a term is included in the performance equation based on the resultant effect associated with the accelerated 
parts 
—_——e One-way transfer of physical quantity 
@——— Arrow shows the essential direction of transfer for the quantity represented. The circle shows that the transfer is 

reversible; for example, a reaction torque always accompanies an applied torque. 
qu §=—Represents a rigid mechanical connection 


Ly Represents rotational freedom about an axis, with its direction determined by a rigid mechanical connection 


b) Functional diagram 





Fig. 2. Pictorial schematic diagram and functional diagram for an ideal torque-s ion integ 


1. By inertia reaction due to acceleration of the torque summing member. 
2. By operation of the viscous damper that serves as the integrating element. 


3. By interfering effects such as bearing friction. 


The operating characteristics of the integrator are based on conclusions drawn 
from a performance equation expressing the essential relationships among these 


torque components. 
Performance Equation.—The performance equation for the integrator is formed 











by adding up the components acting on the torque summing member. 
ing expression is written as equation (2) of Derivation Summary 1. 
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sides of this equation are divided by the angular veleocity input-torque output 
sensitivity magnitude? of the damper, the essential properties of the integrator are 
describable in terms of two parameters: 


1. The torque input-angular velocity output reference sensitivity of the integrator, 


which is the reciprocal of the viscous damper sensitivity magnitude. 











(ie) Integrating element (assumed to have perfect performance) 
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9(4e)|Atiies) (ier)! = angular velocity input — torque output sensitivity of the integrating element 


Notes: 1. See Fig. 2 for symbol definitions. 


2 3 represents d( )/dt. 


(tsm) Torque summing member 





When the integrator case is unaccelerated with respect to inertial space about the output axis, the equa- 


tion of motion for the torque summing member is 
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a : a ane : ee rae) . 
- (tem) 4[(ies)-(ier)] ~ >(1e)|Atries)-(ier) MI Alites)-(ier)] + Meany + Minetey 0 (2) 
where 
Titsm) = moment of inertia of the torque summing member about the output axis 
Equation (2) may be written in the form 
(CT isnt) Aint) + Aint) 2 Sunt; Altres) Min) , Stint)[M: Altres)“ inter) (3) 
where 
I 
n es (tsm) 
(CT int) an. err Se Ve (4) 
(ie) [Af(ies)-(1er)] | 
= integrator characteristic time 
(5) 


. P a 1 
Suint)[M:A (ref) o.. 12 
(ie)| Al(ies)-(ier) 





MI 
= torque input — angular velocity output reference sensitivity of integrator® 


When A int) is taken as the integrator output and M;,..4,) is negligibly small (so that the integrator ful- 
fills the requirement for an ideal operating component), the response*® of the integrator to a step-function 
change of the input torque from zero to M/,_), is given by the equation 
t 


ae ino, (6) 


in 


Aint) m Sint)(MsA](ret 
Equation (4) may be written in nondimensional form as 


A 


$ (int) ; oo a a * (int) (7) 
“cint)[M;Al(ref) Minye 


* Taken as a reference value because of the requirements of definitions that appear in Derivation Summary 2. 
** See Fig. 18-1 in Volume I of Draper, McKay and Lees (1). 


Derivation Summary 1. Performance equation and step-function response of an ideal torque- summation 
integrator. (Page 1 of 2) 





The result- 
When both 
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2. The characteristic time’ of the integrator, which is equal to the moment of 
inertia of the torque summing member divided by the damper sensitivity. 

If the interference torque, MM intty, is negligibly small (that is, the integrator 
is ideal), the integrator performance equation has the form of a readily integrable 
first-order differential equation when the torque summing member angular velocity 
with respect to the case is considered to be the output quantity. Physically, this 
means that the output responds exponentially to a step-function variation of the 
input torque in such a way that 0.6321 of the change between constant levels is 
completed in one characteristic time. After several characteristic times’ have 
elapsed, the effects of inertia reaction are negligible and the ideal integrator behaves 
effectively as a perfect integrator. This situation is shown graphically by the plot 
in Section b of Derivation Summary 1. 





In graphical form, Eq. (7) is 


1.0 


0.8 


0.6 


0.4 





Time — characteristic time ratio = [(T¥CTJR) = 


a! See 
(CT) int) 


b) Step-function response of an ideal integrator 


Note that after the time — characteristic time ratio is greater than about 5 


M, j 


1;A](ref) in) 


Aunty = Stinty{n 
and the integrator has perfect performance as long as M,,_) remains constant at M,,. yo. 


c) Perfect response to a step-function change of input torque level 





Derivation Summary 1. Performance equation and step-function response of an ideal torque-summation 


integrator. (Page 2 of 2) 








Steady-State Sinusoidal Response.—-When attention is directed to situations in 
which the integrator input torque and the output angular velocity both have steady- 
state sinusoidal variations, it is convenient to replace the differential form of the 
performance equation by an algebraic expression. Various forms of the performance 
function that effectively express the differential-equation relationship are developed 
for an ideal torque summation integrator in Derivation Summary 2. In this sum- 
mary, the output is considered first as an angular velocity and then as an angle. 
The corresponding performance functions are expressed not only in terms of the 
operator p (where p represents d/dt), but also in the amplitude ratio-dynamic 
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response angle form. For convenience in discussions and for plotting purposes, 
the amplitude ratio is resolved into a reference sensitivity, which carries the dimen- 
sions and numerical data associated with any particular situation, and a dimension- 
less sensitivity ratio, which carries the essential magnitude dependence of the inte- 





In operator form, i.e., when d/dt —= p, the performance equation of an ideal torque-summation integrator 


is . 
(CT )inryP + DArnty = Stiney[:Alteet) Mein) (1) 
when Meas is considered as the output, and is 
(CT )ineyP + UP Aginry = Stiney[m;Aliren (in) 2) 
when A\,,,) is taken as the output, so that 
Aint) = (PP lineyfw:A) Min) 3) 
and 


A ” [PFs ntyfu; a) Min) (4) 


(int) 


where 


; ; i 1 
(PF intyfsA] ™ Stinty[M; Altres) F + (CT), P | 
n 


torque input — angular velocity output performance function of the integrator 
and 
PF ra] = 5 4 —— 1 —_ 
[ Jantyu;a] unt: Alteen | p(1 + (CT )ina P) 


torque input — angle output performance function of the integrator 


a) Performance functions 





When steady-state sinusoidal input and output variations exist, 
Jwet 
(in)af 


M M 


(in) = 


and, if Ant) is observed as an independent oscillation, 

r+ 7 Jwet 
Avint) = Atintya€ 

Because of the action of the integrator, A;,_,) is determined by M,,,) according to the relationship 


i : Jwgt S(DRA)(int)(M; A) 
Aint) = (AR) intyf; A) Mainya € € a 


Similarly, the angle itself will vary sinusoidally; i.e., 
Jwet 
Aisnt) = Aintya € 


Here the integrator establishes a dependence of Aint) on M/,,,) of the form 


jw,t js(DRA) : 
f (int)(M; A) 
Aint) - (AR )iinty[M: A) 4 ina € 2: 


w, = angular forcing frequency = 2nn, = 2n/T, ; j= Y-/] 


ny = forcing frequency ; T, = I/ny = forcing period 


Derivation Summary 2. Steady-state sinusoidal response equations for an ideal integrator. (Page | of 2) 











grator output on forcing frequency. The dimensionless sensitivity ratios and the 
corresponding dynamic response angles are expressed as functions of the dimen- 


sionless characteristic time—forcing frequency product’, 
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Figure 3, a gives torque-angular velocity dimensionless sensitivity ratio and 
dynamic response angle plots on logarithmic scales for the situation in which angular 
velocity is considered as the output quantity. Perfect operation exists for fre- 


quency regions in which the sensitivity ratio is constant at unity and the dynamic 





and " 

A, nt) 

(AR) ney) = 
(in)a 


= torque — angular velocity amplitude ratio 


A, nt)a 
(AR) inty[a; a] ——- 


™ (in)a 
= torque — angle amplitude ratio 
(DRA) nt)a4;A) = torque — angular velocity dynamic response angle 
(DRA) nt) a;a) = torque — angle dynamic response angle 
In performance-function terms,® 
. jJw,t 
Ant) = (PF) intyfusA) Munya € 
When p—= jw, and the performance function is transformed to the dimensionless sensitivity ratio — 
dynamic response angle form, 
, , y 2 SMORAV atm; A) 
(PP snes] = Scuntyfea; Altres) Run tym: Ad € : 
where 
(SR) pie ee ee 
(int)(M; A) j 
Vi1+ (20 ((CT YF F )P))? 


torque — angular velocity dimensionless sensitivity ratio of the integrator 





(DRA) aeya;dy = tan! [- 2 (CTY FF jP)) 
and 
(CTYFFIP) = (CT )yueyme = (CT gnsy/T 
= characteristic time — forcing frequency product of the integrator 
The corresponding relationships when A/,,,) is taken as the output are 


; 4 DRA) in4)(M; A) 
(PF) sntyf; a] - Stint)[Msa ret) SRA intyaa; a) € . 





SuntyMzA}ret) = Stunty[m;A)(ret) (OT Aint) 
= torque — angle reference sensitivity of the integrator 
i 1 
Qm((CTXFF IP) V1 + (20 ((CTYFF PI 


torque — angle dimensionless sensitivity ratio of integrator 








(SR) satya) 7 


(DRAKsneyina;ay = €an (2 [(CT AFF )P}] ~ 2 


b) Response equations 





* See Chapter 17, Volume II, of Draper, McKay and Lees (1) for a discussion of performancesefunction concepts. 


Derivation Summary 2. Steady-state sinusoidal response equations for an ideal integrator. (Page 2 of 2) 











response angle is zero. These conditions mean that the integrator sensitivity has a 
constant magnitude, and no time lag exists betweén input changes and the corre- 


sponding output response. The plots show that the dimensionless sensitivity ratio 
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b) Av...) considered as the output 


Fig. 3. Sinusoidal response characteristics of an ideal torque-summation integrator. 


is constant at unity and the dynamic response angle is zero for foreing frequencies 
so low that the integrator characteristic time is less than about 0.01 of the forcing 
period. The plots of Figure 3, b present essentially the same information as that 
given by the curves of Figure 3, a, with perfect integration represente d by a down- 
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ward slope of unity on the logarithmic-scale plot. The corresponding dynamic 
response angle for perfect integration is minus ninety degrees. 

Viscous-Shear Integration for Gyroscopic Devices. —Gyroscopic devices generating 
signals that represent small angular deviations from inertial-space references re- 
quire high-quality mechanical integration when good accuracy is necessary. The 
need for integration arises because, except for celestial bodies, natural positional 
references fixed to inertial space do not exist. It is, however, possible to measure 
angular velocity with respect to inertial space by means of suitable instruments. 


A spinning rotor whose axis is free to turn has the property of responding to an 
applied torque” by changing its spin-axis orientation with respect to inertial space 
(i.e., it precesses) at an angular velocity that is proportional to the magnitude of the 
torque. This means that gyroscopic elements may be used to provide the essential 


receiving components in devices to produce outputs that represent angular velocity 
referred to inertial space. Integration of these outputs is necessary when angular 
displacements with respect to inertial space are to be indicated. The nonrotating 
orientational references required in measuring these angles must be established 
instrumentally by associating gyro-unit outputs with physical positions of the gyro 
units themselves. 

{n practice, a very wide range of angular velocity magnitudes must be accurately 
integrated if orientation changes are to be indicated with high accuracy. Shear 
in viscous liquids offers a means for realizing integration of the quality required for 
high-performance gyro units. In the next section, it is shown how servomechanism 
techniques may be applied in ways that make it possible to restrict integrator action 
within ranges limited to relatively small angles. However, there is no way to escape 
the necessity of accurate integration over the full range of angular velocity mag- 
nitudes that exist in any given situation. 

The primary object of this paper is to discuss the conditions that must be fulfilled 
by viscous-shear integration for gyro-unit applications in order to meet the require- 
ments imposed by physical equipment, fluid mechanics, and liquid properties. 
To restrict the scope of the problem considered, the important case of the single- 
degree-of-freedom gyro unit will be used as an illustrative example. This is not to 
be taken, however, as meaning that viscous-shear integration does not have great 
usefulness for many other practical situations. 

Single-Degree-of-Freedom Integrating Gyro Unit.—V igure 4 is a pictorial diagram 
illustrating the essential features of a single-degree-of-freedom integrating gyro 
unit.2 A gyro rotor spun at a constant speed by an alternating-current synchro- 
nous motor is mounted on preloaded ball bearings in a gimbal that is enclosed by a 
hermetically sealed cylindrical shell filled with helium. The helium acts as a 
neutral atmosphere and serves as a medium for producing an even temperature 
distribution over the parts of the shell. The weight of the gimbal-motor-shell 
combination and associated components (collectively known as the float) is adjusted 
so that it is almost perfectly supported by buoyant force in a fluid that completely 
fills the clearance volume between the float and the hermetically sealed case of the 
unit. The float is pivoted within the case by watch-jewel-type bearings that, be- 
cause of the low residual loads, introduce substantially no friction to resist float 
rotation. The pivots are carried on axial extensions from the gimbal float shell. 
On one end, the extension carries the rotor of an alternating-current signal gen- 
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Fig. 4. Pictorial diagram for the single-oxis integrating gyro unit. 


erator of the Microsyn type.‘ This unit produces a phase-reversal signal having a 
magnitude proportional to the angular deviation of the float from the position in 
which the output voltage has its null level. The end of the float away from the 
signal generator carries the rotor of a Microsyn torque generator. This component 
receives electrical current inputs and applies a corresponding torque to the float 
about the output axis, which is coincident with the axis of rotation established by 
the gimbal bearings. Balance nuts adjustable from outside the case are used to 
put the float into accurate rotational balance. 

In any actual single-axis gyro unit, a number of features must be incorporated 
that, in the interests of simplicity, are omitted from Figure 4. For example, the 
flexible leads used to make electrical connections from the external terminals to 
the gyro drive motor are not shown. It is important that the torque applied by 
these rotor-drive power connections to the float be kept within tolerable levels. The 
required performance is achieved by using thin, flat wires of good mechanical prop- 
erties formed into semicircles that, in their undistorted shape, accurately fit between 
the terminals on the case and also those on the float when the float is in its null 
signal position. In practice, lead-in systems with these features can be designed to 
impose satisfactorily low torques on the float. 

An angular velocity of the gyro unit case about the input axis, which is at right 
angles to the output axis and to the spin axis when the signal output is at its null- 
level, causes a gyroscopic rotor output torque to act on the gimbal. This output 
torque is the result of the tendency of the rotor to align its spin axis with the angular 
velocity vector along the input axis. The fluid surrounding the float provides 
viscous-shear integrating action. The damping torque applied to the gimbal 
because of the viscous resistance of the fluid in the clearance between the float and 
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the case just balances the gyroscopic output torque’ This situation occurs when 
the rate of rotation of the gimbal with respect to the case is sufficient to generate a 
resisting torque due to viscous shearing action that is equal in magnitude to the 
magnitude of the torque from the gyroscopic element. The corresponding rate 
of change of the output voltage from the signal generator is directly proportional to 
the angular velocity of the gimbal with respect to the case. From the standpoint 
of gyro unit operation, the resultant effect of the actions just described is a rate of 
change of the gyro-unit output signal that is proportional to the rate of change of the 
case orientation with respect to inertial space about the input axis. When the input 
angular velocity and the output voltage rate are integrated between the same in- 
stunts in time, the change in the output signal for any interval within which the 
unit is operating properly* is proportional to the angular displacement of the case 
about the input axis that occurs during the same time period. 

Single-Axis Geometrical Stabilization of a Servodriven Controlled Member by an 
Integrating Gyro Unit.To illustrate the basie action of an integrating gyro- 
servodrive combination for providing geometrical stabilization, Figure 5 is drawn 
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Fig. 5. Line schematic diagram of a single-oxis servo-driven controlled member carrying an integrating gyro unit. 


as a line schematic diagram representing the essential features of a controlled 
member carrying a single integrating gyro unit with its input axis along the axis 
of rotation of the servodrive system. With no input current applied to the gyro 
unit and with the gimbal in the position at which the gyro output signal has its 
null level (that is, with the spin axis along the spin reference axis, so that the gimbal 
angle is zero’), any rotation of the controlled member about the input axis will 
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cause the gyro gimbal to turn with respect to the gyro unit case about the output 
axis. The resulting angular displacement is picked up by the signal generator and 
sent through slip rings to the power control system. The output of the power con- 
trol system is the input for the drive motor, which is caused to produce a torque on 
the controlled member that acts to cause rotation in the proper direction for forcing 
the gyro gimbal back toward its null-output-voltage position. The continual 
cycling of the system with this action causes the controlled member to maintain 
a position that is effectively identical with the cnertial-space reference orientation of 
the gyro unit case. 

The reference orientation of the controlled member may be changed by in- 
troducing a command signal in the form of an input current to the gyro unit. This 
current causes the torque generator to apply a torque that starts to turn the gyro 
gimbal away from its null-signal position and produces a corresponding gyro unit 
output signal, which is the input for the servo system. The result is that the drive 
motor output torque turns the controlled member in the proper direction to cause 
the gyro rotor output to act against the output from the torque generator. For a 
constant input current, the steady-state condition is reached when the servo drives 
the controlled member at a rate for which the gyro rotor output torque just balances 
the torque generator output torque. By making use of this action, the controlled 
member reference orientation may be changed at will. In any given situation, 
when the desired orientation is reached, the input current is reduced to zero. The 


gyro unit-servo combination will then stabilize the controlled member with respect 


to the new inertial-space reference orientation. The action under the dynamic 
conditions due to input variations is essentially the same as the action under constant 
input commands except that the gyro unit behaves as a first-order system with a 
time constant equal to the characteristic time of the unit. 

The Basic Problem of Viscous-Shear Integration.—Viscous-shear integration 
depends on the possibility of realizmg practical devices in which the drag acting 
between two rigid-body members is accurately proportional to the relative velocity 
of the members. The factors that must be taken into account if this condition is 
to be fulfilled are the matters of primary interest for this paper. In order to have a 
reasonably definite range of problems for discussion, attention will be restricted 
to integrators with torque inputs and angle outputs and having the general rotor- 
stator configuration that is illustrated in Figure 2. As a further step in defining the 
situation under consideration, it will be assumed that the circumstances under which 
integration is to be used are generally similar to those imposed by a single-degree- 
of-freedom integrating gyro unit operating as the angular deviation receiver in one 
component of a servodriven geometrical stabilization system. This means that 
the viscous-shear integrator does not have to operate with a long-continued uni- 
directional torque input. Rather, the integrator is subjected to inputs that reverse 
frequently as the normal hunting action of a feedback control system occurs, with 
the additional restriction that the displacement of the rotor with respect to the 
stator never exceeds a small angle. 

Information Summary 1 gives an illustrative pictorial diagram of a typical 
viscous-shear integrator that might be applied for single-degree-of-freedom gyro 
unit purposes. The essential part of the rotor is a cylindrical surface located with 
rotational freedom inside of a coaxial shell that serves as the stator. Exeept for 
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Information Summary 1. Typical configuration conditions and fluid properties for viscous-shear integrators. 











holes required for the end shafts, the flat. ends of the rotor are covered by plates 
with axial separations approximately equal to the radial gap distance. All clearance 
volumes are completely filled” with viscous fluid. In practice, means are provided 
for holding the integrator at a substantially constant temperature. 

From the standpoint of fluid mechanics, which should be the limiting factor in 
integrator performance, the theoretical problem to be considered is this: Given 
two precisely aligned concentric cylinders with the clearance between them filled with a 
viscous fluid, what are the limitations and possibilities for realizing a drag torque on 
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the inner cylinder that is accurately proportional to the angular velocity between the 
cylinders? Stated in this way, considerations of inertia-reaction torque components 
and bearing friction do not enter the problem. Thermal control removes complica- 
tions due to externally imposed temperature changes, although heat generated by 
motion within the body of the fluid must be taken into account. In actual viscous- 
shear integrators, the practice of using substantially perfect flotation for the inner 
cylinder and removing residual bearing loads by magnetic or electrostatic field 
devices, following the general principles used by Beams,® makes it possible to ef- 
fectively eliminate bearing friction. The following sections of this paper are de- 
voted to a discussion of the theoretical and practical fluid-mechanies problems that 
must be solved in order to obtain high-accuracy integration. The results of this 
discussion show the configuration features and fluid properties that are important 
in determining the performance of viscous-shear integrators. Quantitative rela- 
tionships are established between these factors and the performance to be expected. 
These quantitative data are applied to a situation that is typical of current practice. 

Fluid Properties and Configuration Conditions.—On the basis of the foregoing 
discussion, the problem of interest for this paper is that of examining the factors 
that determine the flow of a liquid between the rotor and stator. From the stand- 
point of the physical situation, the objective is to provide viscous damping that is 
directly proportional to the motion of the rotor with respect to the stator, with a 
minimum time lag. It will be seen later that it is desirable to make the clearance 
between rotor and stator as small as possible. A lower limit might be expected 
when this distance is comparable with the average distance between molecules. — It 
can be shown that there are about 107! molecules per cubic centimeter.” This 
means that the molecules are on the average located with approximately 1077 
It follows that a lower limit on the gap for satisfactory 


7) 


cm between their centers. 
operation should be well below 10~* em. 

Obviously, it is necessary to use a liquid that is Newtonian, i.e., one in which the 
viscosity is independent of shear rate. Large molecules that are appreciably 
nonsymmetric have a tendency to take on a preferred orientation under shear in a 
fixed direction. During the process, the apparent viscosity changes. From Sir 


Geoffrey Taylor’s discussion" of this matter, it appears that such trends would be 


reduced in the oscillatory motions that are of primary interest here. Also, the 
liquids used have only moderately large molecules, with no great degree of asym- 
metry, and give no practical evidence of non-Newtonian behavior in practice. 

Finally, it is well known that viscosity is generally temperature-dependent, so 
that isothermal conditions are needed. At the speeds involved, viscous dissipation 
is small. Also, the fluid is in intimate contact with a mass of metal several orders 
of magnitude greater than that of the fluid. By control of the rotor and stator tem- 
peratures, essentially isothermal conditions can be assured. 

Misalignment between the stator and rotor will cause pressure gradients to 
develop. These produce errors in two ways: (1) differential compression of the 
fluid can change the buoyancy characteristics and (2) the pressure field can have a 
nonvanishing resultant force and moment that will be sensed by the rotor. For 
the motions involved in the present application, the modulus of compressibility is 
so low that the flow is essentially incompressible. As to the second point, Leroux"! 
cites Couette’s result that, with a configuration similar to that shown in Information 
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Summary | used as a viscosimeter, the error in measured viscosity due to eccentricity 
is proportional to the square of the eccentricity. The discussion that follows 
assumes these effects to be negligible and, in fact, the authors have found it pos- 
sible to achieve this in practice. Finally, the slight pressure gradients that may 
occur will tend to reduce misalignment. 

With the foregoing comments in mind, an analysis can be made of the damping 
caused by viscous resistance when the rotor moves relative to the stator. The 
fluid is assumed to be Newtonian, incompressible, and in an isothermal condition. 
The configuration is taken as a pair of exactly concentric cylinders. At the ends, 
there is also some resistance to relative motion, but the area involved is small 
compared with the cylindrical surfaces and the shear and lever arm decrease toward 
the center. For purposes of analysis, then, the cylinders are considered to be 
infinite and the damping moment per unit axial length is computed. Under 
these conditions, the flow pattern is independent of axial and angular position and is 
a function only of the independent variables ¢ and r. 

Theoretical Analysis.—The well-known nonlinear Navier-Stokes equations that 
govern the motion of the fluid then reduce to the single, linear diffusion type given 
by equation (1) of Assumption Summary 1. The fluid adheres to the stator giving 





Fluid Properties: 
Continuous, Newtonian, incompressible, and isothermal. 
Configuration: 
Exactly concentric infinite cylinders. 
Restrictions on Flow: 
Fluid moves in concentric circles independent of angular or axial position, so that the fluid motion is 


a function of the independent variables ¢ and r only. 


Then the Navier-Stokes equation becomes*® 


2 y 
Wi. (2 Viny 5 1 Mey _ “a ) 
t or r oF r2 
where 


Vig) = fluid velocity with respect to stator 
v = kinematic viscosity = p/p 


The boundary conditions are 


V 


(fl) = O , when r = Tis) 
and 

Vig) = V (,) Sin wet , when r = r,,) 
where 


b 


‘Uir) = amplitude of component of velocity at rotor surface 
The initial condition is 

Vin = 
Also 


Vise) = Vir) Arya 


* Ref. Dryden, Murnagham, and Bateman (12), Goldstein (13), Lamb (14), and Schlichting (15), for example. 


Assumption Summary 1. Fluid properties, configuration, and mathematical formulation of fluid motion. 














VoL, 45, 1959 ENGINEERING: DRAPER AND FINSTON 543 


It also adheres to the rotor, so that V ys, 1s some 


(2) as one boundary condition. 
However, the linearity of equation 


arbitrary function of time when r = cr). 
(1) means that it is sufficient to consider any harmonic component of the rotor 
Finally, there is no loss in generality in choosing the 


motion as in equation (3). 
It will also be convenient 


system to be at rest initially, from which (4) results. 
later to make use of the identity (5). 





Sneddon‘16) has shown that, for the problem stated in Assumption Summary 1, the viscous damping 


torque on the rotor per unit axial length is 


F : 3 vt 
Miya) = 27H AQ ayal ir) ) [Pye * -— Q sin wt — P,cosa,t} 
i 


where 
& are the successive roots of J i(& rear ¥ (4, Tis) — T1(& ras )¥ iG Tur) = 0 


= 2av £713 (Ere) 
i Tir) [v & + w?] U2 (Ere) - IG rusy) 





Q, esis 


a 


i 


Equation (1) can be rewritten as 


ae j -vé"* 
M va) = 2m wArsya%ir) yar + - Asin (ast + $)( 
i 





Now, from Eq. (4), 


Since &? > é? for i > 1,° 


Thus, from Eqs. (7) through (9), 


at 


ve? 


|tan d| 


* Ref. J ahnke and Emde (17). 


Result Summary 1. General theory and application to a typical integrator. (Page | of 3) 
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“Bol Si 


(CT)y)) = I = first-root characteristic time of fluid 
v & 





When, by definition, 


then 
= = 2n (CT) )), (FF IP) = 2n(fluid characteristic time — forcing frequency product) 
v 
1 


If attention is restricted to conditions under which (a@;/v &?) << 1, then 


twmet0 , oo WO , and AZ) Q, 
i 


and Eq. (5) reduces to 
M 
a ee 3 
: S23 2m Uris) 2, Q, 
Aira Sin wt i 
From Eqs. (3) and (4), 
2 
> 3 Q=- = oe > 1 T(E rae) 
Fr "ar) “Te 1+ ((2m)(CT gy), (FFP)? Tiron) JT rsy 
To obtain a response independent of frequency, it is necessary that 27 (CT 4), (FFP ]—~0, as above. 
Finally, when (CT) ,)), and (CT ) sy, (FF JP) are sufficiently small, 


2 
May we 4nureiey > T(E te) (17) 
A ip) q Sin wet r I (Ere) - iE rey 


a) General theory 





(16) 





From Fig. 6 and Information Summary | the typical case considered has 


(CT), < 10°© second (18) 
Then 

(CThayi . 10% 

(CT int) 10°3 


so that the fluid characteristic time is much less than the integrator characteristic time. The other param- 


= 173 (19) 


eter of interest is 
St = Qml(CT 4) (FFP) (20) 
&? 
> | 
which enters into Eqs. (10), (11) and (16). Figure 3 shows that the operating range is given by 
((CTYFF)P) < 0.01 
Thus 
(CT) gy, 9— < 0.01 
10"? 


“ore = 10° 


my < 


Result Summary 1. General theory and application to a typical integrator. (Page 2 of 3) 











From the solution to this problem, it is possible to calculate the viscous damping 
torque, My ,q, exerted by the fluid on the rotor as the latter moves with respect 
to the stator. This information is then used to determine under what conditions 
the ratio of viscous damping torque to angular velocity of the rotor with respect to 
the stator is satisfactory, i.e., is constant. 

Result Summary | presents the results of Sneddon,'® who has solved for M(,a) as 
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For the typical case noted in Information Summary 1, Ng < 107, 


In fact, for the typical case, the maximum value of the parameter noted in Eq. (20) is given by 
[2@(CT 41) (FFP 10"4 (23) 
incurred by neglecting 2n ((CT )g)),(F FIP | is less than 10°6 


(max) * 


From Eq. (16), the error in evaluating £ Q 
i 


i 
percent. 


For the present conditions, (CT) gy2 = 0.25(CT) 4), and (CT gy = 0.11(CT) 4). 


b) Application to a typical case 





Result Summary 1. General theory and application to a typical integrator. (Page 3 of 3) 











in equation (1), where the summation over 7 is over all of the roots of equation 


(2). The first of the three groups of terms under summation, Pe“, represents 

ransients that occur as the fluid is accelerated from rest. The third group, P; 
COS wt, is associated with the lag between the angular velocity of the rotor and the 
induced viscous damping motion. This is exhibited clearly in equation (5), noting 
the definitions of A and ¢ given in equations (6) and (7). 

For the kind of performance desired, both the transient effects and the lag effects 
must be small. The first of these two requirements obviously means that (vé;) 
must be large, or that (vé)~!, which is defined as the 7” root characteristic time of 
the fluid, (CT) y);, must be very small. The second requirement means that tan @ 
must also be made small. To proceed in 
complete detail, it is necessary to have rs = =: 
values of &;, which are dependent on the E KINEMATIC 500.01 fom? 
ratio ris) /Pcr) and are not generally known. mia 
However, it is known that &, 4 1) > &, for 


a given value of the ratio; further, & is 


on nd 


ro 
TNT 


known as a function of the ratio 7; is) Pir). 


(CT). 


T 


It is shown below that this information 
is sufficient for present purposes. 
Expressing the summation of Q; as in 
equation (8) and using (9), the inequality 
(10) is ebtained. The quantity on the 
right-hand side is by definition 2 x times 
the first-root characteristic time—forcing 


frequency product,i.e.,2 r{(CT) (yi(FPF)P). = 
. ‘ —_+__}_4 
For very small values of this dimension- rhnie 
. . 4444444 +4 ++ ++++4 
less parameter, the lag is indeed small. i \ 
la 4 74 hd wy REGION APPLICABLE 
lherefore, when (C'7')¢,), and 2 r{(CT) cy) TO TYPICAL CASE 
TAI P : ae CONSIDERED IN 
(FF)P| are both small, equation (15) INFORMATION SUMMARY 1 
raters 
holds. From equation (16), it is also ap- 
+$-4+++44444— 


parent that equation (15) can be written | Pu | | 
3 ; a : 10 iti ft i i titi 
as in equation (17), where the right-hand 0.000 0.00 0.01 0.1 


FIRST-ROOT CHARACTERISTIC TIME OF FLUID 


side is a constant that is independent of CLEARANCE-RADIUS RATIO = [(CL)RR) = (C)eagy Tue 


j for 4 vive > . a : 
the a Te 8 _— configuration and Fig. 6. Logarithmic plot of (CT),,,,; os o function of 
fluid. Cl):.54)/ Prue) With v os @ parameter. 
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Figure 6 is a plot of (CT) yp: as a function of (CD) gaa /Pcr) for various values of 
v. The typical case examined is denoted on the figure, and the result is given in 
the inequality (18) of Result Summary 1. The ratio (CT)yoi/(CT) in) is less 
than 10~%, as shown by (19), so the fluid characteristics are not the limiting factor. 
The operating range with respect to forcing frequency can be seen from Figure 3 to 
be as given in (21), with the result that y, should be less than 104/see. In the typical 
case considered, ny < 102/see, which is well within the limits. From (16) and (23), 
the error in evaluating the right-hand side of (17) as a constant is less than 10~° 


percent. 


OUTPUT-ANGLE 


METHOD OF TEST Be MICROSCOPE 
1, TURNTABLE 1S GIVEN ARBITRARY ANGULAR MOTION. 
2. INERTIA REACTION TORQUE ACTS TO PREVENT ROTOR MOTION. —~ 
3. ANGULAR DISPL ACEMENT OF ROTOR WITH RESPECT TO STATOR 
1S MEASURE OF INTEGRATING ACTION OF VISCOUS SHEAR IN — 
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PHOTOMULTIPLIER 
Fig. 7. Pictorial schematic diogram of an inertia reaction viscous-shear integrotor test assembly, 


Lees!’ has performed experiments as described in Information Summary 2 with 
the equipment shown in Figure 7. For the present purpose, it is sufficient to con- 
sider only his examination of inaccuracies when the input is an arbitrary motion 
of the ease from rest and back. This is caused by motion of the turntable to which 
the ease is bolted. The inner cylinder is floated and supported in the manner 
described earlier. It has a pointer-indicator that gives the relative displacement 
of the inner and outer cylinder. Note that in this test setup it is convenient to 
induce fluid motion by moving the outer cylinder, rather than treating it as a 


stator as heretofore. 
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Now, since the total input at the end of the motion of the outer cylinder is zero, 
the integrated output should vanish. The deviation from this can be used to 
predict the uncertainty to be expected in the integrator output. Following a 
method suggested by Dr. J. H. Laning, Jr., Lees'® found the result given by (1) 
in Information Summary 2. The input magnitudes varied by a factor up to 5 X 
10°. Lees’ value of (C7) yy is almost the same as that from Information Summary 
1. It should also be noted that. Lees’ apparatus had various mechanical problems, 
such as rotor balancing, whose solution would lead to improved results. These 
problems in no way compromise the arguments given in this paper. 

Conclusions.—A discussion of high-accuracy torque-summation integrators in- 
volving shear effects in a thin layer of viscous fluid is given. Special attention 
is paid to the cases where gyroscopic devices are used to receive the torque inputs. 
An idealized analysis of the performance of such integrators in terms of their con- 
figurations and the fluid properties leads to the following conclusion: to obtain a 
response sensitivity independent of frequency and amplitude of inputs, it is es- 
sential to make (C7T)(,); as small as possible. This is shown to mean that the 
clearance-radius ratio, (CL) (aa)/Pcir), Should be as small as possible. 





Lees( 18) has carried out experiments of various kinds where 
= 1.750 in. l 


Tur) = 


(ir) = > in. p = 0.9 gm/cc 


Tis) = 1.765 in. (Cl) gxiai) = 9-025 in. 0 < Arygyg < £570 milliradians/sec 


Tis)" ur) = 1.008 v = p/p = 1000 centistokes 


He has found that 


(W)Aroutyant) 2 2 « 10° f Ay, dt 


where 


(U)A, 


out)(int) = Uncertainty in integrator output angle 


A 


in) = input angular velocity 


Information Summary 2. Experimental conditions and results from a viscous- shear integrator with an inertia- 


reaction load. 











In the situation described in this paper, (C7); is already several orders of 
magnitude smaller than (C7')(inj, the two respective characteristic times being 
about 10~* second and 10~* second. 

In practice, it is also essential to minimize mechanical interferences, such as 
bearing friction. This is shown to have been achieved by a combination of (1) 
flotation of the rotor and (2) electromagnetic suspension. The Jatter, in addition, 
leads to the very precise alignment of rotor and stator for which the analysis is 
valid. 

* In the devices of the analogue type, the working variables are related to the physical situation 
so that they change in a way describable in terms that are identical with the terms describing 
changes in the actual variables. 

® See Chapter 34, Volume ITI, Part 1 of Draper, MeKay and Lees.’ 

° A perfect operating component always gives the desired relationship between input and output 
under all conditions. The operation of an ideal operating component follows a known law, in the 
absence of interfering effects, but may not always give perfect operation. An actual operating 
component differs from an ideal component in that its output contains imperfections due to inter- 


ference effects. 
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‘ This sensitivity magnitude represents a concept that is identical with the damping coefficient, 
c. in the usual expression: Mg = —c(dA/dt), where Ma = damping torque, dA/dt = angular 
velocity between the boundaries of the damping gap, and ¢ = damping coefficient. 

“ Characteristic time is & concept that for a resistance-capacitance electrical circuit would be 
called the time constant. 

' In practice, 5 C7’s will insure that 0.9933 of the output change corresponding to an input step 
has been completed. 

’ The product (CT )inyng, which is given the symbol [(C7) (FF)P], is identical with the char- 
acteristic time-foreing period ratio, (CT );int)/7', which is given the symbol [(C7’) (FP)R}. 

" See Chapter 7, Volume I of Draper, MeKay, and Lees,! Draper, Wrigley, and Grohe,? Weems, 
Crabtree,’ Deimel,® Ferry,® Rawlings,’ and Wrigley.’ 

' See Fig. 35-5p, Volume ITT, Part 1 of Draper, McKay, and Lees.! 

This is true only when the inertia reaction torque due to angular acceleration of the float is 
negligibly small. 

* When the gimbal is in contact with stops set in the case, the damper is effectively locked, and 
the gyro unit is not operating properly. 

‘ This stated zero gimbal angle is not essential as an initial condition. It is used here only in 
order to simplify the discussion. 

" For proper operation of the integrator, it is absolutely essential that all bubbles of fixed gas 
be eliminated from the fluid. Any such bubbles introduce spurious torque components due to 
surface-tension effects. 

Hydrogen at standard temperature and pressure has a density of 8.987 X 1075 gm/ce and 2.685 
xX 10! molecules/ee. Its molecular weight is 2.016. The present liquid has a molecular weight 
100 times greater and a density of approximately 2 gm/ec. If it had the same number density 
as hydrogen, there would be only 3.59 X 1072 gm/ce. Thus, the number of molecules/ce (2 
3.59) & 2.685 & 10?2'/ee = 102!/ee = N. 

’ The average space occupied by a single molecule is equal to a cube of side 1, where N/5 = 1 
or 8 = 1072! em’; /=107-7em. This is the average separation of the molecules. 
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THE DISCRIMINATION OF WILD-TYPE ISOALLELES AT THE WHITE 
LOCUS OF DROSOPHILA MELANOGASTER 


By M. M. GREEN 
DEPARTMENT OF GENETICS, UNIVERSITY OF CALIFORNIA, DAVIS 
Communicated by Curt Stern, February 17, 1959 


Introduction.—It is generally conceded by students of evolution that fitness of 
individuals in a natural population is conferred through phenotypic differences 
controlled by contrasting allelic genes, termed isoalleles. These phenotypic 
differences are slight in contrast to those usually associated with wild-type genes 
and their common laboratory mutant alleles. Consequently, the convincing 
demonstration of isoallelic differences and their genotypic basis has been difficult. 
Perhaps the best such analysis has been made of wild-type isoalleles associated 
with the c.z. locus of the fourth chromosome of Drosophila melanogaster by Stern 
and Schaeffer.!. While this demonstration is convincing, the near absence of 
crossing over in the fourth chromosome precludes the unqualified conclusion that 
the differences uncovered are inherent exclusively to the c.z. isoalleles and not, for 
example, in part or wholly to closely linked loci. 

A number of facts suggested that the white eye color (w) locus of D. melanogaster 
was particularly favorable for both uncovering distinctive wild-type isoalleles 
and for demonstrating their genotypic basis. In 1932 Timoféeff-Ressovsky? 
reported that two wild-type stocks of dissimilar origin, designated American and 
Russian, differed significantly in their x-ray induced mutability at the w locus. 
Utilizing Timoféeff’s stocks, Muller? showed that when each wt X-chromosome 
Was separately compounded with two w mutant alleles in triploid 9 9 and compared 
phenotypically, a clear-cut eye color difference could be seen thereby further 
demonstrating the distinctiveness of the wt alleles. 

The finding that the w locus is pseudoallelic* ® composed of four recombina- 
tionally separate loci® motivated this reéxamination of the wild-type isoalleles. 
It appeared theoretically possible through the use of mutant pseudoalleles to 
pinpoint the isoallelie differences to one or more recombinational sites of the w 


locus and hence to establish unequivocally that contiguous, nonallelic loci are not 


involved. 

Phenotypic Separation of the Isoalleles.—Since the wild-type stocks used by 
Timoféeff are no longer extant a search for similar or identical ones among existing 
wild-type Drosophila strains was undertaken. Identification of distinctive wild- 
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types was predicated on Muller’s observations. For this purpose a triploid (3N) 
stock was synthesized in which the 3N 2 2 had attached-X chromosomes homozyg- 
ous for the mutant w plus a free X chromosome balancer carrying a complex of 
inversions and the mutant Bar eye (B). A comparable 3N stock in which the 
allele w7'® was substituted for w was also synthesized. Wild-type stocks tested 
were Canton-special (+°) and Oregon-R (+°). Triploid 2 9 w/w/+° or w/w/+° 
were obtained by crossing stock 3N 92 9 to appropriate wild oo and selecting 
the F; non-B 9 2. Care was taken to raise F; flies in uncrowded cultures, at a 
temperature of 23-24°C and on uniform media to assure phenotypic uniformity. 
Phenotypes were scored after F; 3N 2 2 had been aged a minimum of five days. 

Scoring was done in two ways: (1) by the subjective method of visual examina- 
tion under the dissection microscope and (2) by the more objective method 
of extraction and spectrophotometric estimation of the red eye pigments. Pro- 
cedures adopted for the determination of the red eye pigments were, with minor 
modifications, those described by Ephrussi and Herold.’ After extraction, quanti- 
tative estimates of the pigments were made with a Beckman model B spectrophotom- 
eter at a wave length of 480 mu. Where estimates of the brown eye pigments 
were made, they were extracted subsequent to the extraction of the red eye pig- 
ments. After extraction, the brown pigment was reduced with a minute crystal 
of sodium borohydride and measured at a wave length of 444 my. Quantities 
are expressed as the extinction (E) per number heads extracted per volume solvent. 
Ultraviolet and visible spectra of both pigment types were made with a Beckman 
recording spectrophotometer.® 

A visual comparison of 2 2 w/w/+* and w/w/+° after five days aging showed 
their eye phenotypes to be readily separable. The eye color of 9 2 carrying 
the +° chromosome had a distinct reddish cast while that of 9 9 carrying the 
+° chromosome was definitely maroon in color. Identical results were obtained 
after comparing 3N 9 2 w7!*/w7!®/+° and wt!*/w7'6/+°. Comparable differences 
were noted by Muller.’ On the basis of the eye colors, it seemed reasonable to 
guess that the difference seen stemmed primarily from differences in the amounts 
of red eye pigments in the 3N 2 2. Accordingly the red eye pigments of 2 9 of 
all 3N genotypes were extracted and their quantity spectrophotometrically esti- 
mated. The results are tabulated in Table 1 and bear out this supposition. In 
each case the amount of pigment, equatable to the mean E value, was significantly 
greater in 3N 2 9 with +° than in those with +’. This is supported by the fact 
that the ranges of E values for each comparison do not overlap. Taken together 
these results indicate that Canton and Oregon stocks differ at the w locus or at 
loci closely linked to w. The red pigment spectra proved to be identical. 


TABLE 1 
ESTIMATES OF RED Eye PIGMENTS OF TRIPLOID 2 9 OF SEVERAL GENOTYPES 
No. I. /2.5 Heads/ml. Solvent 
Genotype Detns. Mean Range 
w/w/ +! 7 0.140 0. 128-0. 146 
w/w/ +? 0.109 0. 102-0. 113 
w= 16 /yy7i6 / +-« 3 0.135 0. 134-0. 137 
wy 716 /yyz16 / + ) 0.099 0.086-0. 113 
yuf car/y vf car/+' : 0.224 0.218-0 .233 
y vf car/y vf car/+° 0.219 0.218-0.233 
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Additional support for this conclusion came from comparisons of the red eye 
pigments of 3N 92 2 whose w loci were unmutated. For this purpose a 3N stock 
whose attached-Xs were homozygous for the recessive mutants yellow body (y), 
vermilion eye color (v), forked bristles (f) and carnation eye color (car) was used, 
Triploid 292 y vf car/y v f car/+* or +° were obtained and red eye pigment 
analyses made. The results, listed in Table 1, show no difference between +° 
and +? carrying 2 9. This means that the difference between +° and +? is a 
function of genes affecting eve pigmentation at or near the w locus and is not related 
to genes in the two stocks which might affect eye size. 

Because the collection of 3N 2 @ in large numbers is rather laborious, a number 
of experiments were carried out to see whether differences between +° and +° 
could be demonstrated in diploid (2N) 9° 2. For this purpose 2 2 heterozygous 
for +° and +? and three different white eye mutants (w plus w*! and w**! both 
pseudo-alleles of w), or a deficiency of the w locus (w*s~'!) were obtained and the 
quantities of red eye pigments determined. In addition, estimates of the red eye 
pigments of 2 2 homozygous +‘ and +° were made. The results of these analyses 
are listed in Table 2 and merit the following conclusions. First, there is no differ- 
ence between homozygous 2N +° and +° 9 9. Second, an objective discrimina- 
tion between +° and +? can be made in 2N Q 9 heterozygous for a w mutant. 
It will be noted that for each comparison the +° 2 2 possess significantly more 
red eye pigment than comparable +° 2 9 and that the ranges of determinations 
do not overlap. A comparison between effects with different mutants is not 
warranted since these analyses were made with flies raised at different times, on 
different lots of media and at slightly different temperatures. These conditions 
all influence the quantities of pigment laid down by affecting growth and therefore 
eye size. 

TABLE 2 
KsTIMATES OF RED Eye PIGMENTs OF DipLorp 2 2 oF VARIOUS GENOTYPES 
No Ik. 5 Heads/ml. Solvent 

Genotype Petns. Mean Range 
0.410 0398-0. 420 
0.418 0403-0. 426 
0.38 0. 366-0 387 
0. 32: 0.319-0.328 
0. 28: 0.270-0. 294 
0.2: 0.299-0._ 237 
0. 37: 0. 356-0. 387 
0.26 0.2520 .276 
0.3: 0.329-0. 366 
0.3 0. 284-0.310 


Genotypic Delineation of the Isoalleles.—Since the w locus is pseudoallelic, the 
following questions may be asked. Do +° and +° differ at all or a selected number 
of w loci? An answer to this question can be provided by the synthesis of wild- 
type stocks whose w loci are derived in part from +‘, in part from +°. Before 
such a synthesis is outlined the following information must be considered. The 


crossing-over frequency between any pair of contiguous w mutants differs rather 
strikingly. Using the mutants w®', w*, w” and sp-w to represent each of the 
four loci as they oecur sequentially from the distal end toward the centromere 
along the X chromosome, these recombination fractions have been observed for 
each interval: w'-w* '/50,000; w7-w™ '/10,000; w"-sp-w '/s0,00.% % 1 (It should 
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be noted that in each instance the crossover frequency was enhanced with the 
heterozygous autosomal inversions Cy and Ubzr'*.) These frequencies suggested 
that synthesis of wild-types derived in part from both +° and +? could be accom- 
plished best by using w* and w% as markers and taking advantage of the compara- 
tively high frequency of crossing over between them. Thus, for purposes of 
discussion, the w loci have been arbitrarily divided into two groups, each with 
two loci and marked by the mutants w* and w”. The Canton and Oregon wild- 
types may now be described by the genotypic notations +°+° and +°+7, re- 
spectively. 

Synthesis of the derived wild-types was carried out as follows. A tester stock 
of genotype y su w* wt w” spl; Cy; Ubx'*/Xa was made up and crossed separately 
to +° and +” (y = yellow body, su-w* = suppressor of w*, spl = split bristles). 
From heterozygous 9 2 y su-w* w® w” spl/+ + +°+°+ or + + +° +° + and 
carrying the Cy and Ube inversions recombinants between w* and w” were sought. 
These recombinants are: y su-w* wt +° + and + + +° w® spl or y su-wt wt +°+ 
and + + +°w” spl. By combining the appropriate recombinant chromosomes, 
2? 9 of the following genotypes were obtained: (1) y su-w? wt +° +/+ + 4° 
w spl and (2) y su-w* wt +° +/+ + +° w™ spl. Crossing over between w* and 
w’ in 2 2 of genotype (1) will produce wild-type recombinants with the w locus 
genotype of +°+° and in 2 9 of genotype (2) wild-type with the w locus of +°+°. 
Each type was successfully recovered. 

A phenotypic comparison among the Canton, Oregon and derived wild-types 
followed and was based on these considerations. If the difference between the 
Canton and Oregon wild-types resides primarily in the left section of the locus, 
the +°’+° wild-type should be phenotypically equivalent to the +°+° wild-type 
when compounded to aw mutant. Similarly the ++? wild-type should be equiva- 
lent to +°+° when made heterozygous with a w mutant. The converse should 
hold if the difference between the wild-types lies in the right section of the w locus. 
Finally if the difference between the wild-types is cumulative, confined in part to 
each segment, the +°+° and +°+° wild-types would be expected to produce 
essentially inseparable phenotypes when compounded with a w mutant, phenotypes 
intermediate between those of +°+° and +°+’ compounds. 

Concurrently homozygous w 2 9 were separately crossed to the four types of 
wild oo and the red eye pigments analyzed. The results of these analyses are 
listed in Table 3 and are essentially self-explanatory. The mean F values for 
2 9 heterozygous tor +°+° and +°+° are alike and differ significantly from the 
mean #7 values for 9 Q heterozygous for +°+? and +°--’ which in turn are alike. 
Hence the primary difference between the Canton and Oregon wild stocks resides 
in their right member loci marked by the mutants w” and sp-w and little difference 
exists in their left loci marked by the mutants w@! and w*. 


TABLE 3 
CompaRATIVE RED Eyre PIGMENTATION IN CANTON, OREGON AND DERIVED 
WttLp-TyPE HETEROZYGOTES 
No. E/5 Heads/ml. Solvent _— 
Genotype Q ¢ Detns. Mean Range 
fc é 0.352 0.329-0. 366 
Lo4 ().298 ().276-0.310 
+ 0.335 0. 323-0. 347 
4 0.310 0.301-0.319 
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Added support for this conclusion came from another source. In synthesizing 
the derived wild-types, o’co” of the genotypes y su-w* w* +° and y su-w* wt +° 
were recovered. Visual comparison showed that although the su-w* effective in 
both in shifting the w* phenotype toward wild-type, the phenotypes were not 
identical. The +° carrying oo" were distinctly darker than the +? 7c. After 
homozygous stocks were established analyses of both red and brown eye pigments 
of both 7 and 2 9 of these genotypes were undertaken. 

The results of these analyses, listed in Table 4, demonstrate that the phenotype 
associated with the su-w* w* genotype is clearly dependent on whether a +° or 
+° component is present in the right half of the w locus. A significantly greater 
amount of both eye piements occurs in both oo and 2 9 of the su-w* wt +° 
genotype than in oo and 2 2 su-w* w* +’. These results parallel exactly the 
phenotypic effects noted for the wild-types heterozygous for the w mutant and 
reinforce the conclusion that the primary difference between the Canton and 
Oregon wild-types resides in the right section of their w loci. 


TABLE 4 
EFFECT OF CANTON AND OREGON ON EYE PIGMENTATION OF su-w* w* o'c’ AND @ G 
Red Pigment, Brown Pigment 
No. E /40 Heads/ml. Solvent E/40 Heads/ml. Solvent 
Genotype Detns. Mean Range Mean Range 


5 0.142 0. 137-0. 165 0.122 0. 108-0. 143 


9 2 y Su-w" w' ‘ 5) 
2 9 y Su-w? w' ’ 9 0.088 0.081—0. 096 0.073 0. 051-0. 086 
7 0.134 Q. 124-0. 137 0.1138 0. 102-0. 142 


oo" y su-w? w? +° ( 
ao y su-w? wt +° 8 0.082 0.076-0.091 0.065 0.051-0.081 

Because of the low crossing-over frequency between w” and sp-w, no further 
attempt was made to localize the wild-type isoalleles. 

Discussion and Summary.—lIn the foregoing study it has been shown that the 
phenotypically inseparable Canton and Oregon wild-type stocks of Drosophila 
melanogaster differ genetically at the white eye locus. The analysis has demon- 
strated that Canton and Oregon differ through isoalleles localized to the w” and 
sp-w loci which make up the right segment of the pseudoallelie w locus. Thus 
the genetic attributes of wild-type isoalleles are not different from those of mutated 
genes with more drastic phenotypic effects. The difficulties of genetic analysis 
stem from problems of phenotypic identification. 

It is quite conceivable, therefore, that for a particular gene locus there may exist 
an array of wild-type alleles differing through phenotypic effects which are difficult 
to demonstrate. While these differences are slight they may assume a more 


pronounced role where natural selection operates. Such a model demonstration 


has been made with the c.z. isoalleles by Hochman.!! 
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EXCEPTIONAL INHERITANCE OF A SEX-LINKED GENE IN 
THE MOUSE EXPLAINED ON THE BASIS THAT THE X/O 
SEX-CHROMOSOME CONSTITUTION IS FEMALE 
By W. L. Russevi, LIANE Braucu RUSSELL, AND JOSEPHINE 8. GOWER 
BIOLOGY DIVISION, OAK RIDGE NATIONAL LABORATORY, * OAK RIDGE, TENNESSEE 
Communicated by Alexander Hollaender, February 19, 1959 

Until recent years, no sex-linked genes were known in the mouse. Thus, the 
tools for the genetic exploration of sex determining mechanisms were lacking. 
A sex-linked mutation, scurfy, discovered at this laboratory in 1949 has, on oc- 
casions, shown unexpected inheritance. In spite of the lethal effects of the muta- 
tion, it has been possible to carry out genetic analysis of the exceptional individuals 
(scurfy females) by means of ovarian transplantation. As a result, the array of 


possible explanations for the exceptional individuals could be narrowed down. 


Several alternative hypotheses, however, remained, with no decision possible be- 
tween them. In the meantime, other sex-linked genes and adequate cytological 
techniques became available, and recent findings by Welshons and Russell! have 
shed much light on the sex-determining mechanism of the mouse. The present 
paper will describe our older work on the genetic analysis of the scurfy exceptions 
and show that the results are quite consistent with the proof, presented in the 
accompanying paper,! that X/O is female. 

Material and Methods.—Yhe mutation seurfy, sf, occurred spontaneously in our 
MR-stock, a stock which was then in the process of being made homozygous for 
7 standard recessives, most of them coat colors. Details concerning the phenotypic 
expression, derivation, and transmission of sf will be published elsewhere. Scurfy 
is inherited as a sex-linked recessive gene. Hemizygous males are characterized 
by a number of features. The external characteristics are: scaliness, first of the 
tail and later of other parts of the body; “tight”? skin; and late opening of the 
eyelids. The condition is first recognizable externally at about 11 days of age by 
a reddening of the genital papilla. About two-thirds of the affected males die be- 
fore weaning age, most of the remaining ones shortly after weaning. Occasional 
males have lived several months, one as long as six months, but all of these are 
runty and none has been fertile. Thus, the stock must be maintained by mating 
X*’/X* females with Y*+/Y males. Consequently, females with the scurfy pheno- 
type were not expected to occur. 

Early in 1950, the first exceptional, scurfy, female was observed in the stock and a 
total of 29 have been obtained to date. (Frequency will be discussed below.) 
These exceptional females were phenotypically similar to X°’/Y males. Since they 
were presumably destined to die without reproducing, it was necessary to resort to 
ovarian transplantation in order to carry out genetic analysis, and ovaries from 
the first 13 cases that occurred were transplanted, mostly during the years 1950 
1951. The fact that seurfy females do, indeed, die without reproducing was con- 
firmed by the next 15 cases, which were not operated upon and died aged 16-45 
days. Ovaries from the 29th scurfy female to be observed were transplanted in 1958. 

It is, of course, desirable to have genetic markers such that offspring of trans- 
planted ovaries can be distinguished from offspring of regenerated host ovaries.” 


554 
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During the earlier part of the 1950-1951 period, this condition was only partly 
met. The gene sf was available only on a mixed background containing a number 
of recessive markers, mostly coat colors, and having an ancestry of one or more 
crosses to (101 & C3H)F;. The hosts chosen for 10 of the 13 early operations 
were (101 & C3H)F, females, wild-type for all coat color genes, and these were 
mated to males homozygous for all of the recessive markers. Thus, any young 
non-wild-type with respect to the markers were definitely derived from the grafted 
ovary. On the other hand, not all wild-type young were necessarily derived from 
the regenerated host ovary. This should be kept in mind in the discussion of the 
results. It was, of course, possible that the donor-host combination in these 
operations would be incompatible. However, it was hoped that the choice of 
(101 X C3H)F, females as hosts had increased the probability of success of grafting. 
In case this hope did not materialize, a second approach was initiated. As soon 
as scurfy females first occurred, introduction of the sf gene into the 129-strain was 
started. This inbred strain, which maintains ce” and c* in forced heterozygosis, 
was developed by us several years ago for the purpose of providing an isogenic 
background containing markers which would permit unequivocal distinetion be- 
tween offspring from transplanted and regenerated ovaries.” It was possible to use 
this more suitable material for the latter 3 of the 13 early ovarian transplant opera- 
tions involving scurfy females and for the fourteenth operation, which was carried 
out in 1958. In these operations, the hosts chosen were 129-strain females of 
genotype c’c* who received ovaries from cc” scurfy females and were then mated to 
cc males, thus producing cc* young from regenerated host ovarian tissue and 
cc young from successful graft ovaries. 

The transplant operations were carried out when the scurfy females were between 
15 and 31 days old. Seven of the donor females were killed at the time of the 
operation for histological study; the remaining seven died aged 21 to 34 days, 
presumably from the effects of the scurfy gene. In all operations, one host female 
was used for each donor female. Both of the host ovaries were removed, and each 
emptied capsule immediately received either a whole donor ovary, or, in some cases, 
a half donor ovary (the other ovary being used for histological study). 

Offspring of Scurfy Females.—Of the 14 operations performed, 7 resulted in young 
shown by one means or another to have been definitely derived from the trans- 
planted ovaries of scurfy females. (It is interesting to note that such a high per- 
centage of success was obtained. This indicates that in those operations in which 
compatibility could not be made perfect, the choice of (101 & C3H)F; hosts was a 
good one.) Four of the host females produced no young, and three gave only two 
or three young each, none carrying the required markers. 

Of course, any scurfy or scurfy-transmitting animals must come from the trans- 
planted ovaries, even if the coat-color marking system was not by itself 
adequate to establish this. However, it is important to consider the ratio of seurfy 
to non-seurfy and of scurfy-transmitting to non-transmitting animals among those 


young whose origin from the transplanted ovaries of scurfy females could be estab- 
lished solely on the basis of markers other than sf itself. Table 1 is limited to these 


young. 
The young omitted from Table 1 are a mixed group. Some, namely, 2 seurfy 
males and 8 scurfy-transmitting females (to be described below), must definitely 
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TABLE 1 


OrrspRING FROM Ovaries oF Scurfy FEMALES TRANSPLANTED TO NorMAL Hosts 
(THESE OrrspRING ARE IDENTIFIED BY Coat Coton MARKERS AS Not BEING FROM 
REGENERATED Host OvaRIAN TISSUE) 

Daughters 
Normal, Normal, Do 
Sons - Transmit Not Transmit 
Ovary Donor Host Strain Scurfy Normal Scurfy Scurfy 
D 2 1320 (101 * C3H)F, 3 0 0 0 
D 9 2570 (101 * C3H)F, I 0 3 0 
D 9 5403 129 6 0 3 
D 9 5542 (101 X C3H)F; l 0 2 
Ov 15 (101 X C3H)F, 7 0 8 4 
D 6859 129 l 0 o* of 
Total 19 0 16 10 


* Two female offspring of this ovary have not yet been tested sufficiently to show whether or not they 
transmit scurfy. 


have come from transplanted ovaries; others, namely, those from the 129-strain 
hosts, were identified by their markers as coming from regenerated host ovaries. 
The remaining 6 male and 11 female young could have come from either transplant 
or regenerate ovaries (although it seems highly likely, in the light of the results from 
the color-marked young, that the males are from the latter). 

The striking feature of the results, apparent from Table 1, is that all sons of 
scurfy females are scurfy, while the daughters, all of whom are phenotypically wild- 
type, fall into two groups: those transmitting and those not transmitting scurfy. 

The Genetic Nature of Scurfy Females.—Six possible explanations for the occur- 
rence of scurfy females are considered below. One (hypothesis 1) proposes that the 
exceptional females are heterozygous; two (hypotheses 2 and 4) that they are 
homozygous; and three (hypotheses 3, 5, and 6) that they are hemizygous for the 
mutant sf. As will be shown, it was possible to discard hypotheses 1, 2, and 3 on 
the basis of the results presented in Table 1. But, until the findings described in 
the accompanying paper! became available, no decision was possible between the 
three remaining hypotheses, each of which involved seemingly unlikely assump- 
tions. 

(1) Loss of recessiveness of sf: It was conceivable that, possibly as a result of 


modifiers, scurfy occasionally acted as a dominant. Such a hypothesis was thought 


of mainly in connection with the possibility that scurfy was sex-limited rather than 
sex-linked (i.e., acting as a dominant in males but usually as a recessive in females). 
The fact that all 19 of the sons of ovaries from scurfy females were scurfy disproves 
the hypothesis of loss of recessiveness, and thus simultaneously removes the pos- 
sibility that scurfy is sex-limited. Conclusion: (a) sf is on the X-chromosome; 
(b) scurfy females are not of genotype X*//X*. 

2) High rate of mutation of +*/ to sf: The frequent occurrence of new sf genes 
might, with certain qualifications, account for X*//X* females. However, the 
fact that the progeny of scurfy females contains daughters not transmitting scurfy 
disproves this hypothesis. 

(3) Sex-reversal: According to this hypothesis, scurfy females were of genotype 
X*’/Y, converted to a female phenotype through the action of other factors. Were 
this the case, however, half of the sons of ovaries from scurfy females should have 
been non-scurfy, and all of the daughters should have transmitted scurfy. Neither 
of these two consequences was realized in the actual findings. The hypothesis was, 
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therefore, disproved, unless it is assumed that the female phenotype of the XY 
traces to some Y-chromosome abnormality, e.g., deficiency of male-determining 
factors. This special condition, however, approaches hypothesis 6. 

(4) Non-disjunction of scurfy in the mother: According to this hypothesis, 
scurfy females were X*//X*°//Y, with the X’s unattached. Females of this type 
would produce gametes predominantly of types X*/ and X*’Y, and rarely of types 
XX‘ and Y. The rare gametes would give rise to two probably lethal types, as 
well as to scurfy daughters and normal sons. The fact that these latter two classes 
were not found did not, in itself, disprove the hypothesis, since the X°//X*/ and Y 
gamétes might have been formed too rarely to be detected in a small sample. The 
predominantly formed X*! and X*/Y gametes would produce scurfy sons (X*//Y); a 
type (X*’/ Y/Y) which may be presumed to die (see below) ; and two types of wild-type 
daughters, X+/X*/ and X+/X*//Y. The results indeed showed scurfy sons and two 
types of wild-type daughters, namely, those transmitting and those not transmitting 
scurfy. But the latter class presented a stumbling block: the only manner in which 
the non-transmitting females could be reconciled with this hypothesis was by assum- 
ing that they were of the type X¥*+/X°’/ Y, that their Y*// Y/Y sons died prenatally, 
and that, through some unknown affinity, the maternal Y-chromosome segregated 
together with the maternal Y*’ chromosome instead of with the paternal XY + chromo- 
some. This seemed unlikely. On the other hand, in favor of this hypothesis was 
the fact that one presumed XY +/X*/ daughter of an ovary from a scurfy female pro- 
duced three more exceptional scurfy females (including Ov 9 15, see Table 1), as if 
a high non-disjunction line had been initiated. 

(5) Spontaneous deficiencies involving the +*/ allele: According to this hy- 
pothesis, scurfy females were X?/(*+*/X*/, and the non-transmitting daughters of 
scurfy ovaries were thus X9/(+*)/X +. This hypothesis explained all of the breed- 
Y males died prenatally, rather than 


f sf) 


ing results, if it was assumed that Y?/(* 
being of scurfy phenotype. The only objection to this hypothesis was that it 
implied a rate of spontaneous deficiency several orders of magnitude greater than 
even the maximum rate for autosomes that could be calculated from our mutation- 
rate experiments? (see frequency of scurfy females, below). 

(6) <A sex-determining mechanism by which X/O is female: This hypothesis 
(suggested by W. J. Welshons), according to which scurfy females were X*//O 
and their non-transmitting daughters were X+/O, was consistent with all of the 
results. However, if true, it means that the sex ./ determining mechanism in 
mice was different from that in Drosophila, where X /O is male. It also meant that 
the rate of loss of the paternal sex chromosome was high. 

Thus, of the six hypotheses considered, the data from ovarian transplant offspring 
disproved three. Of the remaining three, each involved assumptions that were 
seemingly unlikely. However, the assumptions for hypothesis 6 now appear, from 
recent work,! to be justified. This hypothesis seems, therefore, to provide the most 
likely explanation of the results. It is hoped to make a final genetie test of it by 
mating daughters of transplanted ovaries from scurfy females to X7°/Y males to 
see if those which fail to transmit sf are X*+/O. In addition, cytological analysis 
can be made of these females and of new occurrences of scurfy females. In the 
meantime, scurfy females will be considered, in the remaining discussion, to be of 


genotype X°/0. 
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Viability and Fertility of X /O Females.— Data on the performance of the daughters 
of ovaries from scurfy females can now be examined from the point of view that these 
daughters are of the two types X+t/NX°! and X+/O. The data are summarized in 
Table 2. The 24 daughters who transmitted seurfy, and are presumed to be X+/X%, 
include the 16 shown in Table 1 and an additional 8 omitted from Table 1 for 
reasons, stated above, which do not, however, invalidate their being used in the 
present comparison, The 10 daughters who did not transmit scurfy, but are known 
from their other markers to have come from transplanted ovaries (Table 1), are 
presumed to be X*/O. A total of 1,543 and 368 offspring from the two types, 


respectively, were observed. 


TABLE 2 
OFFSPRING OF DAUGHTERS OF TRANSPLANTED OVARIES FROM EXCEPTIONAL Scurfy 
FEMALES 
Offspring of 24 Offspring of 10 
presumed N */X 2 presumed X */O 
No. of litters per female 8 
Average litter size born* 7 
Average litter size weaned * 5 
Total no. of young born per femalet 14.3 


6 
8 
l 


Scurfy, died youngt 
Scurfy, weaned 
Normal, died youngt 
Normal, weaned 
Unclassified, died young t 
Total 
* Excludes a few litters born after females had reached the age of 1 year 


t Includes a few animals not classified for sex. 
t Before 25 days of age 


X+/X and X+/O females are expected to produce four classes of young each. 
Of these, two are the same in the two cases, i.e., each type of mother produces 
X+/X+ and X*+/¥. In addition, the X+/X*’ mothers produce X+/X*! and 
X*’/Y, while the Y*+/O mothers produce Y¥*,/G and Y/O. The Y/O type might be 
expected to be lethal, and the following considerations support this expectation. 
Thus, if YO is lethal, ie., one-half of all males die, the proportion of males in the 
offspring of XY /O females ought to be approximately two-thirds that in the offspring 
of X /X females. However, the unadjusted proportions cannot be compared be- 
cause of evidence for loss of X/O daughters on one side of the comparison and 
evidence for reduced viability of scurfy sons on the other. Adjustments can be 
made (a) on the basis of the observed frequencies of X/X and X/O progeny in 
Table 1 of this paper and Table 2 of the accompanying paper! (the combined data 
indicating X /O to be only 60 per cent as viable as Y/N); and (b) on the basis of 
normal male progeny from the X+/X*! females. When these adjustments are 
made, the proportion of males in the offspring of Y+/O females comes out to be 
0.72 or 0.69 of the proportion in the offspring of X*+/X*! females, depending, re- 
spectively, on whether the calculation includes or excludes animals not classified for 
scurfy. Thus, the results are in close agreement with the value of 0.67 expected 
if the YO elass is lethal prenatally. 

Thus, the lower number of young from Y+/O than from Y+/X*/ females can 
be at least largely accounted for by the total absence of the Y/O and the lower 
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viability of the Y/O class in the progeny of the X¥*+/O females. In addition, 
certain features of the data indicate that, independent of the fate of the progeny, 
the X+/O mothers are, in general, somewhat less successful than the X+/X*/ 
mothers, in that all classes of young are slightly reduced in number. Thus, the 
average number of normal sons per litter from X*/O is 1.64, as against 1.87 from 
X+/X*/; and the average number of classified daughters per litter from X*+/O 
would be 2.56 (following adjustment for inviability of Y/O daughters, see above), 
as against 2.84 from X+/X°", 

Frequency of Primary Occurrence of X /O—Since, in a stock maintained by mating 
X+/X*! females with X*+/Y males, Y/O females are detected only if the maternal 
X-chromosome carries scurfy, the frequency of occurrence of X /O must be based on 
the frequency of X*+/X°’. The actual number of X*+/X*’ is not known, but since 
our stock-maintenance data indicate that X*+/X* and X*+/X + females in the stock 
are approximately equal in number, the frequency of occurrence of X/O may be 
computed from the ratio of scurfy females to half the total number of females in the 
stock and turns out to be 0.9 per cent. It should be borne in mind that this is 
probably an underestimate, since scurfy females are quite inviable and some un- 
doubtedly died before detection. In view of this, it is not surprising that the in- 
cidence of X /O computed for the scurfy stock is slightly lower than the percentage 
computed from our data on other stocks. ! 

The data are insufficient to show definitively whether the occurrence of scurfy 
females is random. The 29 primary occurrences of X*’/O were distributed among 
25 sibships: 22 contained a single X*//O female each, two sibships contained two, 
and one contained three. tough calculations indicate that the frequency of sib- 
ships with 2 or 3 cases of scurfy females is higher than expected on the basis of 
random distribution among sibships of average size. This indication of non- 
randomness is strengthened by the observation that 2 of the 8 exceptions listed in 
the accompanying paper! were littermates. However, an accurate test of statistical 
significance, which would encounter a number of complications, has not yet been 


attempted. Although it may have no importance, it should perhaps be mentioned 


that the sibship containing 3 seurfy females consisted of second generation descend- 
ants of a scurfy female. 

It is interesting to speculate at what stage the loss of the paternal sex-chromosome 
occurs. It may occur in spermatogenesis or, possibly, by non-disjunction in the 
first cleavage division (with the other aneuploid blastomere dying). 

Summary.—A sex-linked recessive gene, scurfy, that kills male mice before they 
reproduce, occasionally shows exceptional inheritance in producing the scurfy 
phenotype in females. The genetics of such females, which also die before re- 
productive age, was analyzed by transplanting their ovaries and obtaining off- 
spring from them. Several possible explanations for these females could be ruled 
out by the results of the progeny tests. Of the remaining possibilities, the one that 
now appears most likely is that the scurfy females have the sex-chromosome con- 
stitution X°//O, That X/O is female in the mouse is proved by independent data 
in the accompanying paper.' In the seurfy stock, the frequency of primary oc- 
currence of X /O is 0.9 per cent, or possibly greater. The XY *+/O daughters of X*//O 
ovaries are probably of somewhat reduced viability, but those that survive to 
weaning age are fertile. Their Y/O progeny probably die prenatally. 
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* Operated by Union Carbide Nuclear Company for the United States Atomic Energy 
Commission. 

t The formal reporting of the gene scurfy, apparently the first sex-linked gene to be discovered 
in the mouse, was, of course, long overdue, and some explanation for the delay seems in order. 
Although seurfy behaved, in general, like a sex-linked gene, the early, and not too infrequent, 
occurrence of scurfy females, here reported, raised the possibility that we were dealing, instead, 
with a sex-limited gene which was occasionally expressed in females. By 1951, the ovarian trans- 
plantation results had, as shown in this paper, excluded this possibility. Proof of sex-linkage was 
considered adequate at this time, when tabulation of the offspring from transplanted scurfy ovaries 
showed all of 13 sons to be scurfy. At this same time, there were 7 adequately tested daughters, 
all of which transmitted scurfy to half of their male offspring. This led us to the conclusion that 
the exceptional scurfy females might be the result of an unexpectedly high frequency of non- 
disjunction in their mothers. The stock was turned over to an assistant to collect about twice 
as much material. Owing to the pressure of other work we did not look at the augmented data 
until some time later, when the keen interest of Dr. Curt Stern in our apparently high frequency 
of non-disjunction led us to tabulate the complete data. We then found out, for the first time, 
that some of the more recently obtained daughters of scurfy ovaries were non-transmitters of 
scurfy. It was our bad luck that of the first 7 adequately tested daughters all were transmitters 
of scurfy, and that we consequently had no inkling that the later data would contain an exciting 
new problem. When this problem turned up, hypotheses 4, 5, and 6, outlined in this paper, were 
proposed as possible explanations. Some time before this, an exceptional female had occurred in 
another stock maintained by one of us (LBR), in a cross of X +™/X?°*+ x X++/Y, and it was 
decided that exceptional sex-linked inheritance might be more easily analyzed in Tabby crosses, 
where ovarian transplantation is not necessary. The genetic and cytological results obtained 
with these crosses are reported in the accompanying paper.! They indicate that X/O is female, a 
finding which explains the exceptional females not only in the 7'a crosses, but also in the old 
scurfy data. Thus, the remaining problem in the scurfy results has apparently been resolved, 
and the data are now at last presented. 

! Welshons, W. J., and L. B. Russell, these PROCEEDINGS, 45, 560 (1959). 

* Russell, W. L., and J. G. Hurst, these PROCEEDINGS, 31, 267-273 (1945). 

Russell, W. L., L. B. Russell, and Ek. M. Kelly, Sevence, 128, 1546-1550 (1958). 


THE Y-CHROMOSOME AS THE BEARER OF MALE DETERMINING 
FACTORS IN THE MOUSE 


By W. J. WELSHONS AND LIANE Braucu RUSSELL 


+ 


BIOLOGY DIVISION, OAK RIDGE NATIONAL LABORATORY,” OAK RIDGE, TENNESSEE 


Communicated by Alexander Hollaender, February 19, 1959 


Introduction. Russell, Russell, and Gower, in the accompanying paper,! report 
the occasional occurrences, over the course of several years, of an unexpected 
class of female progeny in matings of normal males with females heterozygous for 
the sex-linked mutation scurfy. ‘These rare, unexpected, females phenotypically 
resemble the hemizygous males. Since the affected females die before reproducing, 


genetic analysis had to be attempted by means of ovarian transplantation. This 


was successful in several cases and the results, described in the companion paper, ! 
ruled out a number of possible explanations for the exceptional scurfy females. 
Without further work, however, no decision was possible between the remaining 
hypotheses. The experiments to be described here have led to an unequivocal 
explanation of unexpected X-linked inheritance. 
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Since the time of the original experiments with scurfy, other sex-linked genes 
have become available. Their use permitted the design of crosses such that any 
exceptional females that occurred could be tested directly, without the tedium of 
ovarian transplant operations. The new sex-linked genes also allowed all three of 
the X-chromosomes involved in a cross to be marked. In addition to these im- 
proved means for genetic analysis, cytological analysis has recently become feasible 
in females by means of techniques developed for somatic tissues. 

The hypotheses that remained to be tested following the experiments with 
scurfy were, briefly, (1) that the exceptional females were homozygous for the 
marker, due to non-disjunction in the mother, and (2) that the exceptional females 
were hemizygous due either to (a) an X/O chromosome constitution, or to (b) an 
X/X°! chromosome constitution, with the deficiency involving the locus on the 
paternal X-chromosome, or to (¢) an X/Y chromosome constitution which was 
phenotypically female as a result of loss of male determining factors on the Y. 
These hypotheses and the assumptions that have to be made in each case are 
outlined in greater detail in the accompanying paper.' While distinction between 
hypotheses 1 and 2 is possible by genetic analysis, decisions between the sub- 
hypotheses 2a, 2b, and 2e can be made only on a cytological basis. For the sake of 
brevity, the subsequent genetic discussion will refer only to hypotheses | and 2a, 
and it is understood that any conclusions applying to 2a (i.e., the X/O hypothesis) 
would, on the basis of the genetic evidence alone, also apply to 2b and 2e. 

Non-disjunction in heterozygous females—either equational, or reductional 
preceded by crossing-over—could explain the retention of two mutant X-chromo- 
somes within the functional egg cell. Following fertilization by a Y-sperm, this 
would result in exceptional females of constitution X/X/Y. On the other hand, 
results of breeding tests of the progeny from transplanted ovaries of scurfy females, 
discussed in the accompanying paper,' led to serious consideration of an X /O female 
constitution as an explanation for the unexpected females, although the existence of 
a fertile Y/O female would mean that the mechanism of sex determination in the 
mouse is unlike that in Drosophila.2 If X /O were female, one could look upon non- 
disjunction of the sex-chromosomes in the male as the basis for the origin of the 
unexpected class of females. Failure of the XY bivalent to disjoin at meiosis would 
result in sperm which carried neither an X nora Y chromosome. Fertilization, by 
such a sperm, of an egg containing the mutant Y-chromosome would then produce a 
female hemizygous for the marker and thus phenotypically resembling males 
bearing the marker. 

To test the Y/N /¥Y and X/O hypotheses, a series of crosses was performed in 
order to procure exceptional females which, in turn, could be subjected to a genetic 
analysis. The results of these genetic experiments combined with pertinent 
cytological observations are detailed below. They allow one to conclude that 
fertile females may have an XY /O constitution. This would imply that in the mouse 
the Y-chromosome is male-determining. 

Detection of New Exceptional Animals.— Three sex-linked mutants were used in 
this investigation. The mutant scurfy, sf, is described in the accompanying paper. ! 
It is completely recessive in heterozygous females. Hemizygous males usually die 
around weaning age and always without reproducing. Another mutant arose at 


this Laboratory and appears by all phenotypic criteria to be a repeat of the Tabby 
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described by Falconer.’ For the sake of simplicity, it will be called Tabby, Ta. 
This dominant mutant is viable and fertile in homozygous and hemizygous condi- 


tion. The homozygous and hemizygous phenotypes appear to be identical and 


quite distinct from the heterozygous. The third mutant, a dominant called 26K, 
iulso arose at this Laboratory. It is lethal in the hemizygous condition, and in 
heterozygous females produces a mottled coat color. Results of linkage tests with 
our 7a make it appear possible that 26K is a repeat of Mottled, Mo,* which it re- 
sembles phenotypically. 

Five different crosses were designed so that females of an unexpected phenotypic 
class could be detected, assuming that such exceptional females were either of the 
chromosomal constitution Y/X/Y, with both of the X-chromosomes of maternal 
origin, or of constitution X/O, with the X being maternal. That is, the crosses 
were set up to screen for exceptions having a sex-chromosome constitution similar 
to that of the earlier observed scurfy females. In addition, 2 of the 5 crosses could 
also have detected X./O females in which the XY was of paternal origin. Such a type 
was not found. 

A brief summary of the exceptional females which were detected on the basis of 
their unexpected phenotypes may be found in Table 1. In cross 1, +s8f/++ 2 9 
x Tat+/¥ oo, in which all daughters were expected to show the phenotype charac- 
teristic of Tabby heterozygotes, two wild-type females were produced. On the basis 
of the YX /Y hypothesis, these females should be ++/++/Y, or +sf/++/Y; 
on the basis of the Y/O hypothesis, they must be ++ /0. 


TABLE 1 


SUMMARY OF THE [EXCEPTIONAL FEMALES OBTAINED FROM VARIOUS CROSSES INVOLVING 
SEX-LINKED MARKERS 


No. of Possible 

+ 8 J Exceptions Genotype 
+sf/+- Ta+ 15 152 2 +/+/Y* or +/0 
196K /+4 7 ; 121 88 Ta/Ta/Y¥ or Ta/O 
Ta/-4 4 50: 168 ‘ Ta/Ta/Y or Ta/O 
+sf/Ta+ 2 132 ; Ta/Ta/Y or Ta/O 
126K /Ta+ : 276 164 7 Ta/Y or Ta/O 


* May also be + 


Crosses 3, 4, 5 all produced females of unexpected phenotype. In this case the 
phenotype was homozygous or hemizygous Tabby. According to the two main 
hypotheses considered, such females should be genetically Ta/Ta/Y or Ta/0, 
respectively. 

Genetic Tests of Exceptional Animals. In genetic tests designed to distinguish 
between the hypotheses, the exceptionally Tabby females were crossed with normal 
males, and the exceptional wild-type females were crossed with Tabby males. 
The expectations based on the assumption that the exceptional females are of the 
X/O constitution are easy to determine and will be considered first. 

If the wild-type females obtained from cross | are XY /O, their genotype must be 
+/O. Therefore, +/02 2 XX Ta Yoo should yield females which are Ta/+. 
with a phenotype typical for that of Tabby heterozygotes, and 7'a/O, with a 
phenotype like that normally found in homozygous Tabby females or hemizygous 
males. All the males should be +/Y, wild-type; it may be assumed that the 
O/Y condition is lethal (see below). For the Tabby exceptions found in cross 
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3, 4, and 5, the mating plan 7a/O2 2 XK +/Yo'o would yield heterozygous 
Tabby females, and +/O females with a wild phenotype. In this case all of the 
males would be Ta/Y. As can readily be seen from the upper portion of Table 2, 
these types of animals, expected on the X/O hypothesis, are the only ones that 
have been found to date in the progeny of the primary exceptions 


TABLE 2 


OFFSPRING OBTAINED FROM MATING EXCEPTIONAL FEMALES (PRESUMED X/O ConstiITUTION) 


+ Ta/Y 


Origin Mating Plan Ta/+ + , Ta 0 N 
Cross ¢ 17* Ta x 4 
Cross ? 59 Ta/O X 
Cross ! > 138 Ta/O x 
Cross ! > 893 Ta x 
Cross + 894 Ta x - 
Cross 187 +/0 XX’ 
> ie 
> 
> Ge 
pe 
x 


( 
l 
l 
l 


893 9 1144 +/0 
893 1146* +/0 
894 1174 +/O0 
893 D 135! +/Q 
187 ’ 3 Ta/O 
Total 31 18 1 38 9 
The upper portion of the table summarizes tests of the primary exceptions; the lower portion summarizes tests 
of presumed X /O daughters of the primary exceptions 


* Sacrificed for cytologies al observation. 
died before classification as to phenotype was possible 


The expectations based on the assumption that the exceptional females are 
X X/Y will be briefly outlined for the Tabby exceptional females, which, according 
to the hypothesis, are Ta, Ta/Y. Such females would form gametes predominantly 
of types XY" and XY which, in the cross to X*+/Y males would produce X*+/X7* 
and X+/X7*/Y daughters and X™/Y and X'/Y/Y sons (the latter possibly 
lethal). That is, no wild-type daughters are expected from the predominantly 
formed gametes, unless X*+/X7/Y is assumed to have a wild-type phenotype. 
Yet, as the upper portion of Table 2 shows, 9 wild-type daughters were produced 
from this cross. Gametes expected to be formed rarely by X7*/X7°/Y females, 
namely, Y’*Y7* and Y, would produce, in addition to two probably lethal types, 
daughters of the homozygous Tabby phenotype, XY’) X7*, Y, and wild-type sons, 
X+/Y, neither of which was observed. 

Thus, the progeny tests of the primary exceptions are in disagreement with the 
XX /Y hypothesis, but in complete agreement with the XY O hypothesis. Further 
confirmation of this hypothesis comes from the progeny of the presumed Y/O 
daughters of the primary exceptions (lower portion of Table 2) 

The test for the death of Y/O’s cannot be as clear-cut as in the data of Russell 
et al.! because of the absence of data from parallel crosses which show the proportion 
of males when Y/O is not one of the progeny classes. However, when a reason- 
able adjustment is allowed for this factor, and correction made for the relative 
inviability of X/O daughters, the observed proportion of males is statistically 
consistent with the conclusion, already established by the scurfy data,'! that Y/O 
animals die prenatally. 

To summarize the genetic data, it may be stated that there is compelling evidence 
that the YO hypothesis is to be preferred to the XY X/Y hypothesis. In a strict 
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sense, as noted in the Introduction, this genetic evidence indicates merely that the 
exceptional females are hemizygous for the marker gene. They could carry a 
deficiency for the wild-type allele. Or their chromosomal constitution could be 
X/Y, phenotypically female as a result of loss of male determining factors on the Y. 
The subsequent cytological analysis will distinguish between these alternative 
possibilities for a hemizygous female genotype. 

Cytological Tests of Exceptional Animals..-Chromosome counts performed on the 
exceptional females can, of course, settle the question. If these females are X/Y 
or X”’/X, the chromosome count should be 40; if they are X/O, only 39 chromo- 
somes should be found. If, contrary to genetic indications, they are X/X/Y, 
they should have 41 chromosomes. 

In order to obtain preparations suitable for chromosome counts, the following 
technique was used. Mice were injected with 0.2 ml of 0.2 per cent colchicine. 
One and a half hours later the animals were killed, the femurs removed, and the 
marrow was washed out of the bone with a 20 per cent Tyrode solution and allowed 
to remain in this hypotonic solution for 11 min. This was followed by gentle 
centrifugation for 4 min. The supernatant was poured off, and the moist pellet 
was fixed by the addition of acetic-aleohol, a drop at a time. The cells were re- 
suspended and a drop or two of the suspension was placed on a slide and allowed 
to dry until only a very thin film of fixative remained. A small drop of lactic- 
acetic orceint (2 per cent orcein in equal parts of glacial acetic and 85 per cent 
lactic acid) was added and a coverslip immediately placed over the drop. The 
cells were stained for at least 15 min (lactic-acetie oreein dries very slowly) and 
then firmly squashed. 

The technique described above was developed after several attempts to adapt 
the air-drying technique described by Rothfels and Siminovitch® had failed. Air- 


drying was abandoned because it was found that marrow cells were not spread well 


enough for accurate chromosome counts. 

In an early modification of the technique, a drop of aceto-orcein was added to 
the cell suspension on the slide just before the slide was completely dry. A cover- 
slip was placed over the stain and the preparation was immediately squashed. 
Better spreading was sometimes obtained, but the slides were of unpredictable 
quality and the brittleness of the fixed tissue often resulted in a great deal of 
cellular fragmentation. Because it had been observed by the senior author that 
lactic-acetic orcein seemed to have a softening effect upon the testicular tissue of 
Drosophila, it was hoped that this stain would counteract the excessive brittleness 
caused by the fixative. Consequently, the lactic-acetic orcein was substituted for 
aceto-orcein and slides of good quality were then produced. In facet, good prepara- 
tions were made from material that had been in fixative for as long as four days; 
longer periods of fixation have not been tested. 

The chromosome counts made from the bone marrow cells of normal and pre- 
sumed XY /O females are listed in Table 3. Rows 1 and 2 show the results obtained 
from counting cells of X/X animals. These counts were made in order to test the 
reliability of the technique. The first animal was genetically +/+ or sf/+, the 
other was 7a/+. Rows 3 and 4 show the results obtained from a normal animal 
and a presumed Y/O matched as closely as possible for all points of technique. 
The slides were coded, then mixed and counted by Dr. E. I. Oakberg. The V/X 
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animal was genetically +/+ and the X/O was 9 1146 of Table 2, a daughter of one 
of the exceptional females obtained from cross 3. The last two rows of Table 3 
show the counts obtained by the senior author on two of the primary exceptions, 
247 and 92 111 (see Table 2), presumed to be 7'a/0. 


TABLE 3 
SUMMARY OF CHROMOSOME CoUNTS PERFORMED ON NORMAL AND X/O FEMALES 


Chromosome Number 

Genotype 3 35 3 37 38 39 10 
sf/+ or +/+ ] ; ‘ I ‘ 20 
Ta/+ ; : 0 30 
+/+ y 0 : 30 
+/0 9 1146/* 10 | 
Ta/O Q2 47 ; y 2 4 2 
Ta/O 92 111 : 2 38 0 


* Coded series. 


The data of Table 3 present convincing evidence that the females which were 
presumed to be of the Y/O constitution lack a chromosome, and the genetic data 
of Table 2 indicate that the missing element is an X-chromosome. Since both Y/X 
and X/O constitutions are female, while X/Y is male, the conclusion can be drawn 
that the Y-chromosome is male determining in the mouse. 

Discussion.—It is possible to use the data of Table 2 to estimate the frequency 
of matroclinous X/O females. Allowance must be made for the fact that in crosses 
2 and 5 only half of the Y/O females would survive, and in cross 3 only one type 
of X /O female would be detected. The expectations from cross 4 and 5 are compli- 
cated by recombination between the sex-linked mutants (approximately 44 per 
cent in cross 4, and 4 per cent in cross 5): X/O’s derived from one crossover class 
are undetectable in cross 4; while in cross 5, one crossover class could not be 
detected, and the other would not survive. Taking account of these various 
consideratons, it may be calculated on the basis of the data that approximately 1.2 
per cent of all females are of the matroclinous XY /O constitution. If this X /O 
constitution is the result of meiotic loss or non-disjunction of the sex chromosomes 
in the male, the frequency of sperm without an Y ora Y is approximately 0.6 per 
cent. The X /O condition could also result from loss of the paternal sex chromosome 
during the first cleavage division of the zygote. To date, all XO females obtained 
inherited their X-chromosome from the mother. Whether or not patroclinous Y /O 
females also occur remains to be more fully tested. In the present experiments, 
they could only have been detected in crosses | and 2. 

Since the results here reported indicate the Y-chromosome to be male deter- 
mining in the mouse, a situation quite different from that found in Drosophila,* 
certain speculations as to the sex of an Y/X/Y animal are possible. From the 
demonstration that both the X/X and X/O constitutions are female, one might 
deduce that all female determining factors are autosomal, a situation which is 
exactly the reverse of that found in Drosophila. If this were so, X /X females and 
X/Y males would each have a full set of female determiners, and the male deter 
miners on the Y would have to be quite strong in order to shift development com- 
pletely to maleness. Furthermore, with all female determiners on the autosomes, 
X/X/Y constitution would be male, inasmuch as Y/Y and X/X/Y animals would 


the have equivalent sets of sex determiners. On the other hand, it might be specu- 
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lated that at least some female determiners are carried by the X-chromosome. — If 
this is the case, they must be of such potency that a single dose, as in the XY /O con- 
stitution, is sufficient to shift development completely to femaleness when a Y is 
not present. With at least some female determiners on the X, an X /X /Y condition 
might be intersexual. With most, or all, female determiners on the Y, an X¥/X/Y 
condition could be intersexual or possibly even female. 

The recent case, described by Jacobs and Strong,’ of a human intersex with an 
apparent X/X/Y constitution indicates that such a constitution in mammals 
may cause intersexual development, but additional evidence is necessary before 
such a conclusion can be definitely drawn. It seems likely that the male deter- 
mining potency of the Y-chromosome, demonstrated in the mouse, may apply to 
other, perhaps all, mammals, but details concerning the distribution and strength 
of both male and female sex-determining factors in a given mammalian genome 
might differ from species to species. 

The crosses listed in Table 1 were so constructed that an Y/N /Y constitution 
resulting from fertilization of a normal egg by an YY sperm could be detected if it 
resulted in a phenotypic male or male-like intersex. If such were the case, the 
various crosses would yield males, or near-males, with phenotypes not normally 
found in the male (namely: heterozygous Tabby in all 5 crosses; and 26K, either 
alone, as in cross 5, or combined with 7'a@ as in cross 2). No such animals have yet 
been found. If the X/X/Y constitution was produced and survived in these 
experiments, it must have been externally a female. 

Summary.—Genetic experiments utilizing sex-linked markers have led to the 
detection of unexpected phenotypic classes of females. When tested in additional 


crosses, these exceptional females behave in a manner consistent with the hypothesis 
that they are hemizygous for the X-chromosome. Chromosome counts performed 


on the bone marrow indicate that these exceptional females have 39 chromosomes, 
as compared to 40 found in the controls. Thus, the cytological observations 
indicate that the exceptional females lack a chromosome, and the genetic evidence 
indicates that the missing element is an Y-chromosome. It is concluded that the 
exceptional females have an X /O constitution. 

Since a fertile female can be of the XX or XO constitution, it follows that the 
Y-chromosome of the mouse is male determining. This may apply to other, 
perhaps all, mammals, including man. 

The authors wish to express their gratitude to Dr. Jean Moutschen for co- 
operation in matters concerning the cytological aspects of the problem, and to Dr. 
Ih. Ff. Oakberg for chromosome counts performed on our coded series of slides. 


* Operated by Union Carbide Nuclear Company for the United States Atomic nergy 
Commission. 

t The use of lactic-acetic orcein was suggested to this laboratory by Dr. Jack Schultz. It is used 
here primarily for studies of Drosophila salivary gland cytology. 
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REACTOR CRITICALITY IN TRANSPORT THEORY 
GARRETT BIRKHOFF 
DEPARTMENT OF MATHEMATICS, HARVARD UNIVERSITY 
Communicated by Eugene P. Wigner, February 19, 1959 


Recent work has indicated increasingly that, in nuclear reactor theory, the 
mathematical concepts of critical neutron distribution, effective multiplication 
factor k, and importance function, depend essentially on the positivity of the multi- 
plicative process relating successive events in random neutron histories. This has 
already been demonstrated in both the discrete! and continuous? multigroup ap- 
proximation. The purpose of this note is to sketch a proof of the same principle, 
in the context of neutron transport theory. * 

Accordingly, we consider the vector position x and velocity u of emission of a 
neutron, after fission, as a point w = (x, u) in phase-space Q. Such a neutron may 
undergo scattering, fission, or absorption in its next interaction with a nucleus; 
we let S, F, A denote the associated (linear) operators @ > w’ on Q. These define a 
random process on Q; in an infinite reactor, for which escape is impossible, S + 
F + A defines a Markoff process (hence a stochastic process). Unfortunately, the 
operators S, Ff, A are highly singular. 

To treat them rigorously, we let B,(Q2) denote the Boolean o-algebra of all Borel 
subsets W of Q, with respect to the natural topology of Q. We let £(2) = L,(B,(Q)) 
be the linear space of all o-additive valuations on B,(Q). It follows‘ that 2(Q) is 
an abstract ()-space, and in particular a Banach lattice; since B,(2) contains a 
continuum of atoms (points), it is highly nonseparable. Each valuation »(W) 
refers to the expected number of neutrons emitted from W; it has‘ a unique decom- 
position » = vt + v~ = ad — gd’ into disjoint nonnegative resp. nonpositive com- 
ponents. Hence, letting a v+(Q) and B v~(2), each v € £(Q) has a unique 


representation as a linear combination of distributions,’ or nonnegative o-additive 


valuations with d(Q) = d’(Q) = 1. 

Intuition suggests that S, Ff, A should carry positive valuations into positive 
valuations. Moreover, if v is the neutron yield for fission (assumed constant be- 
low), and vP:) w —~ w’, is the operator connecting fission neutrons emitted in sue- 


cessive generations, then we should expect 
P (7+S8+ 8°*+...)F — S)-'F, (1) 


To establish these intuitions rigorously, from the usual® definitions of S, F, A as 
singular integral kernels, we proceed as follows; the case of S is typical. 

For each w € Q, scattering from w is only possible to a subvariety V(w); the ker- 
nels of transport theory’ are usually Riemann integrable on these V(w), with respect 
to Lebesgue measure in V(w). Hence, for any Borel set W, < Q, the integral 


S(w — W,) = £ S(w, w’)dm(w’) over Viw) an W, (2) 


is defined and nonnegative, with S(w—~Q) < 1. For fixed W,, moreover, S(w— W,) 


isa Borel function of the w «2. Therefore, the Stieltjes integral 


S) S(w > W))de(w) = vs(W)) 


567 
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is defined for v € £(2), as a o-additive valuation vs « £(2). Moreover, if v = 0, it is 
obvious that 


0 S vs, vr, and Usil + Hluell S {iv 


Hence, the operators S, /, A belong to the Banach algebra® of all bounded linear 
operators on the Banach lattice £(2). It follows that the expression (1) is well 
defined, and that |7?|) < 1. 

We now consider the linear probabilistic operator P; it defines a (linear) multr- 
plicative processs.6 For each P, v, we shall define the concepts of effective multi- 
plication factor k, critical neutron distribution, and importance factor. The defini- 
tion will be based on an extension’ of the Theorem of Jentzsch, which was derived 
with the present application in mind. 

In the extension, C £+(Q) denotes the “cone”? of nonnegative elements of 
e(W)—1.e., the set of e+ (IW). The linear operator T is called ‘uniformly positive” 
on £(W) if and only if, for some fixed e ¢ C and finite positive number K, 


he S fT S Ke for any f e C and some A = XA(f) > 0. (4) 


If some power I’ of a nonnegative ? is uniformly positive, then’ the neutron distri- 
bution fP") {P". tend toa fixed limiting erztical distribution d,asn— ©. Moreover,’ 
for some unique critical fission yield v,, 


y."fP" = f(v.P)" > de (5) 


in the sense of stochastic convergence. The effective multiplication factor k = 
v/v., very simply. Finally, ? admits a unique invariant subspace S: o[f] = 0, 
on which the spectral radius of P is less than y = ».~!. The bounded, nonnegative 
linear functional o@ is the importance functional of the transport model in question. 

To apply the preceding argument to any particular reactor model, it suffices to 
demonstrate the uniform positivity of some P’. We first consider bounded reactors, 
in the often treated® model of monoenergetic neutrons, and isotropic scattering (and 
fission) in the laboratory frame. In this case, we can replace Q by the reactor 
domain NX, ignoring the dependence of seattering on u. The classic device of 
smoothing integral kernels under iteration shows that P* is uniformly positive with 
respect to the density e(x) of fissionable material, provided all cross sections are 
bounded above (no “black” control rods). 


If one assumes that all cross sections Y., Y,, LY, are bounded above, together with 


the probability of seattering through an angle 6 (even as 6 | 0°), then one can easily 


show that each S"(w — W)) is uniformly bounded above in comparison with m(W)), 


sc 


n = 4. If one assumes a limiting behavior for scattering of, and fission by, ‘“‘slow”’ 
neutrons (as wu — QO), then the upper bound will also be uniform in m 2 4. Hence 
P"(@ — W,) will be uniformly bounded above by a constant multiple of e(Y,), the 
amount of fissionable material in X,, for subsets W, = X, X U consisting of all (x, w) 
with we NX). If S. is bounded away from zero, together with the probability of 
scattering through @ (even as @— 180°), then a similar lower bound exists. If the 
fission yield is isotropic, or even just bounded above and below in direction over 
the neutron velocity-range considered, the verification of (4) for ?4 becomes trivial. 

The preceding results refer to stationary nuclei (the usual zero-temperature 
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approximation). Detailed proofs, together with a discussion of the extension to 
media at positive temperature (‘‘Doppler effect’’), will be presented elsewhere. 


! Birkhoff, G., and R. S. Varga, J. Soc. Ind. Appl. Math., Dee., 1958 (also Report WAPD-166, 
July, 1957). 

* Habetler, G. J., and M. A. Martino, Report KAPL-1886, July, 1958. 

3 Davison, B., Neutron Transport Theory (Oxford, 1957). 

‘ Birkhoff, G., Lattice theory, rev. ed. (New York, 1948), esp. Ch. 15, §§13-14. For stochastic 
convergence, see the first ed., p. 135, top. See also Doob, J. L., Stochastic Process, ch. 5, §5. 

5 Loomis, L., Abstract Harmonic Analysis (New York, 1953), ch. 4. 

5 As defined by Everett, C. J., and 8. Ulam, these ProcEEDINGs, 34, 403-7 (1948). 

7 Birkhoff, G., Trans. Am. Math. Soc., 85, 219-27 (1957), esp. Thms. 1, 3, 4. The », of (5) is 
the y~' of Thm. 3, op. cit. For a different extension, less obviously related to the present note, 


y 


see Krein, M. G., and M. A. Rutman, Uspekhi Mat. Nauk., 3, 3-95 (1948). 


A CLASS OF DIOPHANTINE EQUATIONS 
By Paromita CHOWLA 
DEPARTMENT OF MATHEMATICS, UNIVERSITY OF COLORADO, BOULDER 


Communicated by Deane Montgomery, February 3, 1959 
Consider the sequence }s,,} defined by 
Sn+h = QSpn4+n—1 + hen + ApS pn 0 


where h is fixed while the a’s and s, It is, in 
general, an unsolved problem to find effectively (especially if we use the Thue- 
Siegel-Roth method) all the solutions (assuming their number to be finite) for a 


given c, of the equation 


Cc (a) Fe Se (1) 


om 


We consider a rather special case of this general problem in that we wish to find a 
determinable constant gy such that 


af + B >ec for g > qo Jo(C) (2) 


where g is a positive integer and a, 8 are the roots of x? — x +A = 0. Here d is 
a positive integer >1. D. J. Lewis, M. Dunton, 8. Chowla, and I have solved this 
problem for the special case \ = 2 and the solution rests essentially on my Theorem 
| below. (So far it has not been clear how one can extend Theorem 1 to the case 
A>2.) Write 


(3) 


Then we have 
TueoreM |. For given 6 > 2, the equation (in g) s(g) = s(2°) has only the trivial 
solution g = 2°. 
One also has the result (which will not be proved in this paper). 
THEOREM 2. For given ec, the equation (in g) s(g) c has at most two solutions. 
We need the following Lemmas for the proof of Theorem 1. 
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Lemma 1. We have 2'"+" = 2, 4, 8, 16, 10, 20, 18, 14, 6, 12 (mod 22) for « 


a ae 10 resp. 
LEMMA 2. We have 


s(q) 3 (mod 8) [g odd > 3) 
s(g) = 1 (mod 8) [g even t] 


LEMMA 3. We have to the modulus (23) s(g) =1, —3, —4, 1, 11, 9, 10, —8, 
11, —2, —1, 3, 5, -—1, —11, —9, —10, 8, 5, —11, 2 when g = 1, 2, 
(mod 22), resp. 
LemMMA 4. We have to the modulus (11), s(g) = 1, 8, 6, 1, 0, 9, 9, 2,6, 2 when g = 
10 (Mod. 10), resp. 
» are now ready to prove Theorem 1. Consider, for example, the value of 
s(2°) [0 l0n + 5). For such 6 we have by Lemma 2 and Lemma 4 s(2°) 


s(10) (mod 23). From Lemma 3, it follows that s(2°) = s(g) implies that g = 5 or 
10 (mod 22). 


By Theorem 2, for given 6, the equation (in 7”) 
s(2") = s(22n + 5) 
has at most one solution. Similarly 
s(2") s(22n + 10) (5) 


has at most one solution. Now Lemma 3 shows that both (4) and (5) eannot hold 
simultaneously. Thus s(2’) = s(g) has exactly one solution, namely the trivial one. 
We consider one more case, leaving the rest to the reader. Take the ease of 
s(2") [0 10n + 6]. Now 28= 4 (mod 10) while 2" = 4, 6 (mod 10) [n = 1, 
0 (mod 2) |. 
In the first case (n odd), by Lemma 4, s(2’) = s(6) = 9 (mod 11). Thus, from 
Lemma 4, s(2") s(g) requires g = 6 or 7 (mod 10). Now by the method of 


Theorem 2 and Lemma 2 it so follows that, for given 6 = 6 (mod 10), s(g) = s(2°) 


has only the trivial solution. We similarly treat the second case (n, even). Thus 


Theorem | is proved. 


AUTOMORPHIC: FORMS ON A SEMISIMPLE LIE GROUP* 
By Haritsu-CHANDRA 

DEPARTMENT OF MATHEMATICS, COLUMBIA UNIVERSITY 

Communicated by Paul A. Smith, Fe bruary 19, 1959 
Let G be a connected semisimple Lie group with finite center and A a maximal 
compact subgroup of G. We denote the corresponding Lie algebras by gq and f 
respectively. Put B(Y, Y) = tr(ad X ad Y) (X, Y eq) and let p denote the space of 
all Y ¢€ q which are orthogonal to f under the bilinear form B. Then q is the direct 
sumoffandp. Put 0X + Y) =X — Y (Nef, Yep). Then @is an automorphism 
of q and the quadratic form |Z)? = —B(Z, 0(Z)) (Z €q) is positive definite. We re- 
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gard q as a (real) Hilbert space under this quadratje form and put | a)? = tr(Ad (x) 
Ad(x)*) (x ¢ G) where Ad(.x)* is the adjoint of the linear transformation Ad(2). 

Let 3 be the algebra of all differential operators on G which are invariant under 
both left- and right-translations of G. Fix a homomorphism x of 3 into the field 
of complex numbers. Let T be a discrete subgroup of G and o and uw unitary repre- 
sentations of K and T respectively on a finite-dimensional complex Hilbert space U’. 
We assume that o is continuous and U’ is a left A-module (under oa) and a right T- 
module (under uw). We shall denote the norm of wby |u| (wel). Anautomorphic 
form on G of type (¢, wu, x) is a C® funetion f on G with values in U such that (1) 
f(kay) = o(k)f(x)u(y) (k e K, x eG, y eT) and (2) 2f = x(z)f (2 € 3). It is not 
difficult to show that such a function is always analytic. Let § = §(0, u, x) denote 
the space of all such automorphic forms. If G/T is compact one proves easily that 
dim § < ©. The main problem here is to establish a similar result under some 
weaker hypothesis on G/T. 

A form f ¢ § is called normal at infinity if there exists an integer m > 0 and a real 
number ¢ > 0 such that | f(7)) <e¢ a" forallxeeG. Let §) = Foleo, u. x) be the 
space of all f « § which are normal at infinity. Also let dx denote the Haar measure 
on G. 

Lemma 1. Let f be a function in § such that fgiy | f(x)|dx < ©. Then f € &o. 

Let a be a maximal abelian subspace of p. We introduce an arbitrary but fixed 
lexicographic order in the space a’ of (real) linear functions on a. For any a@ ea’, 
let n, denote the space of all Y ¢ qsuch that [H, X] = a(H)NX for every H ea. Con- 
sider the set = of those a > 0 for whichn, # }0}. Then isa finite set. A subset 
Y’ of Y is called closed if a + 8B « XY’ whenever a, 8eL’anda+ Ber. Let LY’ > DY” 


be two subsets of Y such that Y’ is closed. We say that D” is an ideal in Y’ if @ + 


8 « =” whenever ae" and8,a+ fe’. Forany closed S’ putn(d’) = Yo mn. 

ae’ 
Then n(X’) is a subalgebra of the nilpotent Lie algebra n = n(Z). Moreover if 2’ 
is an ideal in Y, 1(Y’) isan idealinn. Let N(2Y’), N and A denote the analytic sub- 
groups of G corresponding to n(Z’), 1 and a respectively. 

Put / = dima. Then one ean select / linearly independent elements a, ..., @; 
in S such that every a ¢ LY is of the form a mya; + + mia, where m, ,m, 
are nonnegative integers. Let a+ denote the set of all points H €a where a(/) > 0 
for every a ¢ 2 and put At = expat. 

I being a diserete subgroup of G, we shall say that [is of the type I if fg» dx < 

Moreover we say that T is of type II if the following conditions hold: 

(1) For every ideal 2’ in ©, N(2’)/N(2’) a Tis compact. 

(2) There exists an element ay € A such that G = Kay(At)— NT. 

It is easy to show that if T is of type II then it is also of type I. 

Let S be the class of all subsets of the set (ay, , a). Forevery Q ¢S let Yo 
denote the smallest closed set in Y containing Q and let Ye’ be the complement of 
Yqin Y. Then YQ’ is an ideal in . Put Ne = N(Xe) and Ve = N(XQ’). Select 
an element Hy «asuch that a(Ho) = 0 (a@ € Z) if and only if ae Ye. This is always 


possible. Let cg denote the centralizer of Hy ing. Then ¢g (which depends only 
on Q and not on the choice of Ho) is reductive in q. Put ge leg, Cg] and ag 


aN gg. Then gg is semisimple. Let Gg and Ag denote the analytie subgroups of 


G corresponding to gg and ag respectively. Put Ag* exp dg* where ag* is the 
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set of those H € ag where a(H) > 0 for every aeQ. Also let lg = Ge n ((GeVe A 
)Vg). Then Tg is a discrete subgroup of Ge. We shall say that Tis of type ITI, 
if yg is of type II in Gg for every Q eS. 

THEOREM 1. Let I, denote the kernel of win T. SupposeN a TN a 7, ts finite 
and T is of type IIT. = Then dim §o(o, we. x) < @. 

The proof, which proceeds by induction on /, depends on a lemma of Godement.! 

Put <H, H’> = B(H. H’) (H, H’ €a) and, for any d ¢ a’, define the dual element 
H, «aby the condition that <H, H,> = (HM) for every H ea. For any ae = we 
define the Weyl reflexion s, ina by s,H = H — 2) a(H)/a(H,){H,(H « a). Then 
s, can be “extended” to an automorphism a — a*« of A. Also s, operates on a’ 
by duality. Select a base M,,..., H, for a such that a;,(/;) Opel Sobers. 
By a theorem of Iwasawa,’ corresponding to any x eG, there exists a unique element 
H(x) «a such that xe AK exp H(ax)N. 

Let w be a representation of G on a finite-dimensional complex vector space 
l’ ~ {0}. We denote the corresponding representation of q also by z. One can 
always introduce a Hilbert-space structure in U’ in such a way that the adjoint of 
m(X) is —7(@(X)) (XN eq). Weshall always tacitly assume that such a structure on 
U is given. For any \ € a’, let Uy denote the set of all we U such that ru 
\(H)u for every H ea. dis called a weight of rif U, # {0}. A being the highest 
weight of , we denote the orthogonal projection of ( on Uy by Ly. A veetor 
ue U is said to belong to a weight A if ue Uy. 

Put G; = Gg where Q = | a;{ and let s; = s, (1 <i <0). We shall say that I 
is of type IV if the following conditions hold: 

(1) N(2’)/N(%’) a T is compact for every ideal Y’ in ¥. 

(2) inf (H;,, H(y)) > —-« (= 4-1) 

yell 


(3) We can choose a compact set No in N, elements y;¢T a G; (1 <; < ld,a 


representation of G on a finite-dimensional complex vector space U # {0} and a 


unit vector ¥ belonging to the highest weight A of a such that: 

(a) No(N a Pr) N, 

(b) y,ayio! a*(@eA, i <4 L); 

fe): ek AGT = <4 4), 

(d) Kyr(nyi)v) <1 forn ée No (1 < ¢ < 2). 

One can prove that if T is of type IV then it is also of type ITT. 

Let R and (C be the fields of real and complex numbers respectively, Z the ring of 
rational integers and Z’ = Z{(—1) °°] the ring of Gaussian integers. Then it is 
easy to check that I is of type IV in G in the following cases: (1) G SL(n, R), 
r = SL(n, Z), (2) G = Sp(n, R), T = Sp(n, Z), (3) G = SL(n, C), T = SL(n, Z’), 
(4) G Spin; C), T Sp(n, Z'). (Here n is any positive integer.) Hence our 
results are applicable to these four cases. 

Now I’ being any subgroup of T', the Haar measure dx on G defines an invariant 
measure on G/T’. Consider the Hilbert space § = L.(G/T’) corresponding to this 
measure. Since G operates on G/T’ on the left in the obvious way, we get a unitary 
representation \ of Gon . Let m be an irreducible unitary representation of @ on 
some Hilbert space. Given an integer m > 0, we say that m occurs as a discrete 
component of \ at least m times, if we can find m mutually orthogonal closed invari- 
ant subspaces ©; (1 <7 < m) of such that the representation of G defined on §, 
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under J is equivalent to w. If 7 occurs at least once we say 7 is a discrete comp- 
onent of \. Moreover we say that a occurs only a finite number of times if there 


exists an integer m > | such that it is impossible to choose , (1 <7 < m) with the 
above properties. 
The following result is an immediate consequence of Lemma | and Theorem 1. 
THeoreM 2. Let T be a discrete subgroup of G of type III and TY’ a subgroup of 


finite index inT. PutTo = nn yP'y~! and suppose thatN n T/N nv Ty is finite. 
ye 
Then every discrete irreducible component of the representation of G on L(G/T’) 


occurs only a finite number of times tn X. 


* This work was supported in part by a grant from the National Science Foundation. 
! See Séminaire H. Cartan, 1957/58, Exposé 8, pp. 8-10. 
inn. of Math., 50, 525 (1949). 


This condition was suggested by Godement 


TIME OPTIMAL CONTROL SYSTEMS* 
By J. P. LASALLE 
RIAS, BALTIMORE, MARYLAND 


Communicated by S. Lefsche tz, Februar y 27, 1959 


1. IJntroduction.—It has been an intuitive assumption for some time that if a 
control system is being operated from a limited source of power then the system can 
be moved from one state to another in the shortest time by at all times utilizing 
properly all available power. This hypothesis is called the “bang-bang principle.”’ 
Bushaw accepted this hypothesis and in 1952 showed for some simple systems with 
one degree of freedom that of all bang-bang systems (that is, systems which at all 
times utilize maximum power) there is one that is optimal.'! In 1953 I made the 
observation that the best of all bang-bang systems, if it exists, is then the best of 


all systems operating from the same power source.? More recently fairly general 


results have been obtained by Bellman, Glicksberg, and Gross* and later (but 
seemingly independently) by Krasovskiit and Gamkrelidze.6 At the 1958 Inter- 
national Congress of Mathematicians in Edinburgh, L. 8S. Pontryagin announced a 
“maximum principle” which is the beginning of an even more general theory. 

We confine ourselves here to the time optimal problem for control systems which 
are linear in the sense that the elements being controlled are linear and as a function 
of time the control enters linearly. The differential equation for such systems is 


x(t) A(t)x(t) + B(t)u(t) + f(t), (1) 
where x and f are n-dimensional vector functions (x(t) is the state of the system at 


time t), Aisan (n X n) matrix funetion, and B isan (n X r) matrix funetion. Thus 
(1) represents the system of differential equations 
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Our ability to control the system lies in the freedom we have to choose the “‘steer- 
ing” function u. We assume that the admissible steering functions are piecewise 
continuous (or measurable) and have components less than | in absolute value 
(u(t) < 1). Given an initial state x) and a moving particle z(t), the problem 
of time optimal control is to hit the particle in minimum time. Let x(t, u) be the 
solution of (1) satisfying x(0) = xo. An admissible steering function u* is optimal 
if for some t* > 0, x(t*, u*) = 2(t*) and if x(t, u) ¥ 2(t) for 0 < t < t* and all 
admissible u. 
Bellman, Glicksberg, and Gross* considered the system 


x(t) Ax(t) + Bu(t) (2) 


and restricted themselves to the problem of starting at xo and reaching the origin 
in minimum time. The (n X n) matrix A is constant and its characteristic roots 
were assumed to have negative real parts. B was assumed to be a constant non- 
singular (n X n) matrix. For some of the simplest examples of control systems 
the matrix B is singular, and this restriction on B is much too severe. They prove 
the existence of an optimal steering function, and the form for an optimal steering 
function is given in the proof. However, the form given for an optimal steering 
function does not, in general, imply that there is a bang-bang optimal steering 
function. Gamkrelidze® considered the same problem, removed the restriction that 
B be nonsingular, and showed for systems which are later in this paper called ‘“nor- 
mal’ the existence and uniqueness of an optimal steering function. The form of 
the optimal steering is the same as that given by Bellman, Glicksberg, and Gross, 
and in this case one can conclude that the optimal steering is bang-bang. Krasov- 
skii* studied the more general control system (1) and the more general control 
problem of hitting a moving particle. Using results of Krein on the L-problem in 
abstract spaces, he proved the existence of an optimal steering function for sys- 
tems which we call ‘‘proper” control systems. If Krein’s results are to be used 
without modification, the restriction to proper control systems seems to be neces- 
sary. Krasovskii states also that the optimal steering function is unique and simple 
examples show this to be false. Thus to date the most general bang-bang principle 
has been proved by Gamkrelidze. 

For the more general control system (1) we show essentially that anything that 
can be done by an admissible steering function can also be accomplished by using 
bang-bang steering. This extends our result? and at the same time establishes the 
bang-bang principle for all control systems where the controlled elements are linear. 
This does not mean that all optimal steering functions are bang-bang. For some 
systems the objective can be reached in minimal time using a steering function 
which, during part of the time, has some zero components. We state a number of 
results for proper and for normal control systems which show the significance of 
these classifications. As in the special problem considered by Gamkrelidze, the 
more general normal systems have unique optimal steering functions, and in this 
case we have a true bang-bang principle: the only way to reach the objective in 
minimum time is to use the maximum available power all of the time. In Theorem 
5 we give a result which should be of importance in the synthesis problem, which is 
the problem of determining the optimal steering u* as a function of the state of the 


system. This result shows that for some systems optimal steering can be determined 
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by what amounts to running the system backwards. ‘This idea gives, for instance, 
i much simplified solution of the example solved in the paper of reference 3. 

2. The General Problem.—Yhe problem described in the introduction tor the 
system (1) of hitting a moving particle in minimum time will be called the general 
problem. For the control system (1) the state x(t, u) of the system at time t is 
given by 


*t 


*t 
x(t, u) X(t)xo + x(t) | Y(r)u(r)dr + x(t) | X~!(r)f(r)dr. (3) 
J /7 0 
X(t) is the principal matrix solution of X(t) A(t) X(t), and Y(r) X~'(7)B(r). 
We want at some time t to have x(t) = z(t); 1e., to have 


eT 
w(t) | Y(r)u(r)dr, (4) 


0 
et 


where w(t) = X7—'(t)z(t) — x) — X~'(r)f(7)dr. We assume throughout that 


Jo 
A(t), B(t), and f(t) are continuous for 0 <t< ©. The following Lemma states 
that anything that can be done by an admissible steering function can also be done 
by a bang-bang function. The set of admissible steering functions is the set Q 
and the set of bang-bang steering functions is the set 2°. The set K(t) is related to 
the set of all states that can be reached in time t by an admissible steering function. 
K°(t) is similarly related to the set of states that can be reached in time t by bang- 
bang steering functions.® 

LemMa |. Let Q be the set of all r-dimensional vector functions measurable on 
(0, t) with u(r) <1. Let 2 be the subset of functions in Q with u,(r) 1. Let 
V(r) beany (n X r) matrix function in L?( (0, t}). Define 


hue 
x(t) Y(r)u(r)dr; ue QD 
Jo y 


and 


>t 
: j : , 
X(t) ) Y(r)u"(r)dr;: uw’ €«Q 
ZV 


Then K‘(t) 7s closed, and K°(t) K (0). 

As a direct consequence of the Lemma we obtain an extension of the result in 
the paper of reference and a general bang-bang principle. 

THEorREM |. /f of all bang-bang steering functions there is an optimal one (rela- 
tive to), then it ts optimal (relative to Q). 

THEOREM 2. /f there is an optimal steering function (in Q) then there is always 
a bana-bang steering function (in Q) that ts optimal. 

From Lemma | it is also not difficult to show that 

THeorem 3. [f for the general problem there is a steering function u in Q such that 
x(t, u) = 2(t) for some t > 0, then there is an optimal steering function in Q.  More- 


over, all optimal steering functions u* are of the form 
u*(t) sen|[7Y(t) 


where n ts some n-dimensional vector. (For r-dimensional vectors a and b, a 


means thata, = sgnb,,7 = 1, oe) 
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Let y’(t) be the jth column vector of Y(t). The control system (1) is said to 
be normal if on each interval of positive length and for each j] = 1, ..., r the fune- 
tions y(t), ..., y,’(t) are linearly independent. This is equivalent to saying that 
no component of 7Y(t), 7 # 0, is identically zero on an interval of positive length, 
and therefore u*(t) is uniquely determined by (5). Hence 

THeorem 4. For normal control systems the general problem has at most one optimal 
steering function. 

Thus the only way of reaching the objective in minimum time using a normal 
system is by at all times utilizing properly all of the power available. 

3. The Special Problem.—The control problem for the system 


x(t) A(t)x(t) + B(t)u(t), (6) 


where the objective is to start at the initial state x and to reach the origin (the 


equilibrium state) in minimum time will be called the special problem. Hence for 


the special problem we want (see equation (4)) 


t 
—= Xp f Y(r)u(r)dr. 
0 


It is then not difficult to show that 
Theorem 5. /f for some t > 0 and some n-vector yn there is a solution u = u* of (7) 


of the form 
u*(r) = sgn[nY(r) |, 


then it is an optimal steering function for the special problem. 

It is this result that is of interest in solving the synthesis problem. If the con- 
trol system is autonomous (equation (2)), then we can start the control system at the 
origin, use a steering function of the form (4) and look at the solution as t decreases 
(replace t by —t). This steering function is then optimal for all the states that can 
be reached in this manner. Reversing the system in this way gives the set of all 
initial states in the special problem for which this steering function is optimal. 
For normal systems the optimal steering is unique, and this procedure always deter- 
mines the optimal steering as a function of the state of the system. We say ‘“al- 
ways” in the above sentence because we know that the synthesis problem can be 
solved in this way for some systems that are not normal. This procedure leads to 
the determination of switching-surfaces, which are surfaces where certain of the 
components of the steering change sign. 

It is now that we can see the usefulness of introducing another classification of 
control systems. If »Y(t) = 0 on any interval of positive length implies » = 0, 
then the control system (1) is said to be proper. This is equivalent to saying that 
the row vectors yi(t), , Yn(t) of Y(t) are linearly independent vector functions 
on each interval of positive length. It is clear that every normal control system is 
proper but the converse is not true. It is also not difficult to see, when we remove all 
constraints on the admissible control functions, that proper control systems are 
completely controllable,’ i.e., given any two states x; and x» and any two times t; 
and ts, t; # te, there is a steering function such that starting at x; at time t, the 
system is brought to the state x» at time ts 
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Proper systems also have the additional controllability property (now we return 
to the constraint |u,(t)) < 1): 

THEOREM 6. Jf the system (2) is proper and asymptotically stable (X(t) > O as 
t—> ~), then for each initial state x» there is a steering function in Q that brings the 
system to the origin in minimum time. 

It is easy to see for proper systems that optimal steering functions lie on the 
boundary of 2. Expressed as a bang-bang principle this states that: Jn proper 


control systems optimal steering u* has the property that at any given time some com- 


ponent of u* is utilizing the maximum power available to it. 

It is of considerable importance to observe that for proper control systems there 
is a way (if the optimal system for the special problem can be synthesized) of decid- 
ing whether or not it is possible to start at a point xp and then hit the moving particle 
z(t) and also possible to determine optimal steering. We can state this result as 
follows: 

For proper control systems the problem x(0, u) = X, x(t, u) = 2(t) for some t > 0 and 
some u in Q, has a solution if and only if it is possible to start at some point —w(t;) 
and then with steering in Q to reach the origin in time te < th. If —w(t)) ts the first 
point on the curve —w(t), t > 0, from which it ts possible to reach in this manner the 
origin in time t, then any steering that does this is optimal for this special problem and 
is also optimal for the general problem of hitting z(t). 
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Force Contract AF 49 (638)-382. 
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FINITE GROUPS WITH FIXED-POINT-FREE 
AUTOMORPHISMS OF PRIME ORDER* 


By JoHN THOMPSON 
DEPARTMENT OF MATHEMATICS, THE UNIVERSITY OF CHICAGO 
Communicated by Saunders Mac Lane, February 24, 1959 


|. IJntroduction.-A theorem of Frobenius! states that if G is a finite group, H 
is a subgroup of G which is its own normalizer and has trivial intersection with each 
of its conjugates, then the set of elements of G which do not lie in any conjugate of 
H, together with the identity element, forms a normal subgroup N of G, and an 
element h « H,h # 1, induces an automorphism of NV which leaves only the identity 
element fixed. Conversely, if a group N possesses a fixed-point-free automorphism 
o of prime order, then the holomorph (split extension) of N by |} is a group G with 
}o} in the role of H. Hence, groups N which can arise in Frobenius’ theorem 
are precisely those groups with fixed-point-free automorphisms of prime order.” 

Frobenius’ theorem left unanswered the more detailed analysis of the possible 
groups H and N which can arise in this manner. Burnside* showed that the Sylow 
subgroups of H must be cyclic or generalized quaternion, and incorrectly stated 
that H must be nilpotent, an error first pointed out by Zassenhaus and discussed 
later by Sah.* More recently, Suzuki® has given a complete classification of all 
finite groups with cyclic Sylow subgroups for all odd primes and with 2-Sylow sub- 
groups which are cyclic, generalized quaternion, or dihedral, so the structure of H 
is known, 

The more detailed study of N leads to the result that if NV is solvable, then it is 
even nilpotent. This fact seems to have been known for quite some time, but 
recently G. Higman® published a proof, together with the result that if N is nil- 
potent, then its class of nilpotency is bounded in terms of the least prime divisor 
of the order of H. The main object of this paper is to show that N must be nil- 
potent, by using Theorem A, which will be proved in a later paper. This result 
cannot be said to classify the structure of N in the same sense in which Suzuki 
classified the structure of H, since it leaves unanswered which nilpotent groups may 
play the role of NV. The complete determination of the structure of N is reduced 
to finding all nilpotent groups possessing a fixed-point-free automorphism of prime 
order. 

A second result of this paper concerns itself with the maximal subgroups of a finite 
group. Schmidt’ and Iwasawa* independently showed that if every proper sub- 
group of the finite group @ is nilpotent, then G is solvable. Recently Huppert® 
showed that if just one of the maximal subgroups of G is nilpotent, and if in addi- 
tion the Sylow subgroups of .V/ are regular in the sense of P. Hall," then G is solv- 


able. Huppert’s theorem specializes to the case that V7 is abelian, a result obtained 


independently by Herstein,'' and with an adjustment in case is of even order, also 
specializes to a result of Deskins,'? which allows WV to be nilpotent of class at most 
two. The theorem proved here states that if 1/7 is of odd order, then G is solvable, 
and again the proof assumes Theorem A. Using a theorem of Brauer,'® we shall 
prove in a later paper that if Gis not solvable and if the 2-Sylow subgroup of 7 is 
generalized quaternion or dihedral, then the structure of G is determined. G pos- 
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sesses a normal series G > Gy) > 7 > 1 such that [G:G@o| < 2, T is nilpotent, and 
G/T = LF(2, q), the linear fractional group in two variables over GF(q), where 
q is a prime-power of the form 2” + 1. 

As indicated above, the main tool in the proof of these results is Theorem A, 
which is correctly considered as a partial generalization of the following theorem: 

A group G has a factor group isomorphic to a p-Sylow subgroup P of G if, and 
only if, for every (normal) subgroup Q of P an element of order prime to p which nor- 
malizes Q also centralizes Q. 

If “normal” is omitted this becomes Theorem 14.4.7 in M. Hall.'* If ‘normal’ 
is included, it becomes a special case of Theorem A, provided p is an odd prime. 

THeoreM A. Let G be a finite group with a p-Sylow subgroup P, p an odd prime, 
and let X be a group of automorphisms of G which leaves P invariant. Suppose for 
every U-invariant normal subgroup Q of P, elements of order prime to p which normal- 
ize Q also centralize Q. Then G possesses a normal p-complement. 

If we take 9 to be the inner automorphisms of G by the elements of P we obtain 
the special case mentioned above. The groups LF (2, p), p = 2” + 1 > 7 show that 
Theorem A is not true for p = 2, a fact noticed by Ito and Suzuki. 

Theorem A can be considered as a nonsimplicity criterion, and in this light is 
analogous to results of Wielandt® and P. Hall'® which give sufficient conditions for 
a group G to possess a normal subgroup of index p. However, Theorem A (or 
rather its proof) can be viewed otherwise, as an attempt to analyze the manner in 
which the Sylow subgroups are imbedded in G. Such an analysis ultimately de- 
pends on studying the groups P n Q, P and Q being Sylow subgroups of G. The 
effectiveness of this study here depends largely on Theorem B of Hall and Higman.” 

2. Consequences of Theorem A.—Assuming Theorem A to be true, we proceed 
to the proof of the results indicated in the introduction. 

THEOREM |. Let G be a finite group with a fixed-point-free automorphism of prime 
order. Then G is nilpotent. 

Proof: As remarked earlier, it is enough to show that G is solvable. We pro- 
ceed by induction on 0(@). Let o be the automorphism in question. Then 
o(x)x~' = | implies that x = 1, since o is fixed-point-free. Hence, if o(x)x~! = 
o(y)y', we have o(y~'x) = y~'z, so that x = y. This shows that every element 
in G has a unique representation o(v)x~', for some x eG, since o(x).~' sweeps out 
the elements of G as x does. 

If G is a 2-group, we are done. If not, let p be an odd prime divisor of 0(@), and 


let P be a p-Sylow subgroup of G. Then o(P) = aPa~' for some a e G, since any 


two p-Sylow subgroups of G are conjugate in G. But a = o(x)x~' for suitable 
xv eG, so we find o(c~'Px) = x~'Px. Hence, without loss of generality, we suppose 
that P is invariant under ao. If H # 1 is any o-invariant normal subgroup of P, 
then N,(//) is also a-invariant. 

Case 1: P possesses some o-invariant normal subgroup H # 1, such that 
No(H) = G. Consider G/H, on which o induces an automorphism, say 6. Sup- 
pose é(aH) = aH, or equivalently, o(aja~' « H. Since H is o-invariant, every 
element of H has a unique representation in the form o(h)h~! with h e H. Hence 
a(aja~' = o(h)h~', from which we conclude that a = h « H. In other words, o 
induces a fixed-point-free automorphism on G/H. By induction, G/H is solvable, 
so that G, being an extension of a solvable group by a solvable group, is solvable. 
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Case 2: If H ¥ 1 is any o-invariant normal subgroup of P, then Ng(H) < G. 
Since H is o-invariant, so is Ng(H7). Since Ng(H) < G, by induction N¢(H) is 
nilpotent, so elements of order prime to p which normalize H centralize H. This 
says that G, with } of in the role of %, and P as the p-Sylow subgroup, satisfies the 
hypotheses of Theorem A, so that G possesses a normal p-complement K, which is 
necessarily characteristic, hence o-invariant. By induction, K is nilpotent, so that 
G’, being an extension of a nilpotent group by a nilpotent group, is solvable. 

THEOREM 2. Let G be a finite group, and suppose that one of the maximal sub- 
groups M of G is nilpotent of odd order. Then G is solvable. 

Proof: By induction, we can assume that if H # 1 is any normal subgroup of 
M, then 


No(H) = M. (1) 


Let P be a p-Sylow subgroup of WV, p}o(.M). P is normal in M since is nilpotent. 
Hence, Ng(P) = M, by (1). If P were not a p-Sylow subgroup of G, then P would 
be contained as a normal subgroup of index p in a p-group P, which gives P < 
Ne(P) = M, contrary to our choice of P as a p-Sylow subgroup of M. Hence, 
P isa p-Sylow subgroup of G. Since . is nilpotent, any normal subgroup of P is 
normal in .W. Let % be the group of inner automorphisms of G by the elements 
of P. Wesee that G, % and P satisfy the hypotheses of Theorem A. Hence G has 
p-complement, A(P?). The intersection of the K(P) for P ranging over the Sylow 
subgroups of M is thus a normal complement for M, say K. 

Since M is nilpotent, Z.M/) # 1. Anelement x ¢ Z(.M/), x ¥ 1, x of prime order, 
induces an automorphism of A. This must be a fixed-point-free automorphism of 
K, otherwise (g(x) contains VW as a proper subgroup, so that Cg(a2) = G by maxi- 
mality of 7, which contradicts (1). Hence K is nilpotent by Theorem 1, so that 
G, being an extension of a nilpotent group by a nilpotent group is solvable. 


* This research was supported in part by the United States Air Force through the Office of 
Scientific Research of the Air Research and Development Command, and in part by a National 
Science Foundation Fellowship. 
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PRODUCTION OF STERILITY IN MICE BY DEUTERIUM OXIDE* 
By ANN M. HuGues, Epwarp L. BENNETT, AND MELVIN CALVIN 
LAWRENCE RADIATION LABORATORY, UNIVERSITY OF CALIFORNIA, BERKELEY 


Communicated January 30, 1959 


Deuterium oxide in the drinking water of either male or female mice produces 
sterility. Male mice are more sensitive to the effects of D.O than are female mice, 
and Cs; mice appear to be more sensitive than Swiss mice. ! 

We have investigated further some of the conditions—with particular reference 
to time—of D.O treatment required to produce sterile Cs; male mice. These experi- 
ments indicate that the sensitive phase of sperm production is probably centered 
around the late prophase of meiosis. 

Experimental Procedures and Results.—Production of sterility: In order to 
determine the minimum time required to produce sterility in Cs; male mice by the 
substitution of D.O in the drinking water for ordinary water, 10 male mice main- 
tained on 30 per cent D.O were individually mated for one-week intervals with C5; 
female mice. The female mice were maintained on 30 per cent D.O only for the one- 
week period in which they were caged with a male mouse. At the end of each week, 
the females were replaced by additional normal female mice, and the female mice 
that had been removed were caged individually to determine if pregnant. Offspring 
were counted two weeks after birth, and those pairs which did not produce a litter 
during a 28-day period after the initial mating were considered to be sterile. The 
results summarized in Table 1 indicate that all male mice were sterile 28 days after 
initiation of D.O treatment. The male mice may have been sterile as soon as 23 
days after the initiation of D.O treatment, since eight of the pairs that were first 
mated at 21 days produced litters 20 to 22 days after the start of mating. 

In order to determine if treatment with D.O for a relatively short time would 
produce sterility in mice subsequent to withdrawal of the D.O, groups of 10 C5; 
male mice were given 30 per cent D.O for periods of one, two, and three weeks and 
individually mated for one-week intervals with Cs; female mice. No subsequent 
sterility was observed in the group of 10 mice treated with D.O for one week. The 
mice treated for two weeks with 30 per cent D.O were not sterile at the end of the 
two-week treatment or one week later, but they were sterile four weeks after the 
initiation of treatment, i.e., two weeks after D.O treatment had been discontinued. 
(Seven pairs produced no litters and litters from the other three died. Five of the 10 


mice mated were sterile 35 days from the initiation of treatment or 21 days after 
D.O treatment had been terminated, and the offspring from the two other litters 
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died (Table 2). The three viable litters were born 26 days after the initial mating. ) 
The mice treated for three weeks were also sterile four weeks after initiation of D.O 
treatment, and some sterility was indicated 28 days after D-O was removed. The 
female mice that did not produce litters had not been given any D.O in these 
experiments. 


TABLE 1 
TIME NECESSARY TO PRODUCE STERILE C5; MALE Mice BY 30 Per CENT 120 tN DRINKING WATER 
Ten Cs; male mice were given drinking water containing 30 per cent D2O instead of ordinary water. 
They were mated individually with female C;; mice for 1-week intervals. Offspring were counted 
2 weeks after birth. 
Time of Mating 
Days After Total Total 


Initiation of Total Viable Viable 
D:O Treatment) Pregnancies Litters Offspring 


if) 37 
6 ) 32 
8 41 
0 0 
0 0 
0 0 


TABLE 2 
PRODUCTION OF STERILITY IN C5; MALE Mice By 30 PER Cent D.O IN DRINKING WATER 
Ten Cs; male mice were given drinking water containing 30 per cent D.O instead of ordinary 
water for 2 weeks or for 3 weeks. They were mated with female C;; mice for l-week in- 
tervals. Offspring were counted 2 weeks after birth. 
Time of Mating Days After 
(Days After D0 Total Total 
Initial DeO Treatment Total Viable Viable 
Treatment) Discontinued Pregnancies Litters Offspring 
Two-Week Treatment 
0-6 10 ( 66 
21-27 7-13 . 19 
28-34 14-20 ‘ 0 
35-41 27 : : 15 
12-48 34 i) 8 53 
19-55 35-41 9 4 46 
Three-Week Treatment 
0-6 9 ( 52 
28-34 K l 0 
35-41 4—% 2 a 
12-48 21-3 5 20 
49-55 28-: 6 me 
56-62 3! 10 ( 46 


Effect of DO on sperm: To investigate the effects of D.O treatment on the produc- 
tion and appearance of sperm in Cs; mice, male mice were maintained on 30 per cent 
D.O in the drinking water for periods up to 11 weeks. At weekly intervals, two or 
more experimental mice and at least one control mouse were sacrificed and the right 
and left vas deferens were removed and separately rinsed with 1 ml of 0.9 per cent 
NaCl. The presence or absence of motile sperm was first determined. After the 
addition of 1 drop of Ehrlich’s hematoxylin, the sperm were counted in a blood 
counting chamber and the sperm per vas deferens was calculated. No consistent 
effect. was observed on the number of sperm present until 10 to 11 weeks of treat- 
ment, after which time most. of the sperm counts had dropped to 10 per cent or less 
of normal. However, after four weeks of treatment with D.O a considerable num- 
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ber of broken and nonmotile sperm were observed. Broken sperm were not included 


in the sperm count. 

The testes and epididymes were removed and prepared for histological studies. 
Preliminary examination of sections stained with hematoxylin and eosin and with 
periodic acid-Schiff reagent (PAS) have indicated degenerative changes in some 
tubules as early as two weeks after D.O administration. Further studies are in 
progress. 

Discussion.—Our experiments and those of others have shown that the sensitivity 
of biological systems to D.O varies considerably. It has been reported that some 
bacteria show no effects until deuterium concentrations in the medium exceed 90 
per cent.? Chlorella fail to divide and their growth is inhibited when the D.O con- 
centration in the medium exceeds 70 per cent; however, by serial subculture, 
Chlorella can be adapted to grow nearly normally at D.O concentrations of 60 to 
70 per cent.* 

Fifty per cent D.O in the drinking water is fatal to mice within a few days; 40 
per cent D.O in the drinking water for several months produces gross physiological 
effects such as emaciation, epilation, and blindness. No obvious adverse effects, 
except sterility, are produced by 30 per cent D.O even after four months. Katz 
et al.*. * have shown that the body-fluid deuteration reaches an equilibrium value 
of about 24 per cent D.O in about six days when 30 per cent D,O is administered, 
and the mouse tissues reach a maximum deuterium content equal to 40 per cent of 
that of the tissue fluids. Thus, sterility in male mice is produced when less than 
10 atom per cent excess deuterium is in the tissue. Some phase of the spermatogenic 
process would appear to be among the most sensitive known biological systems to 
the effects of D.O. 

Sperm development is a continuous process; about 40 days is required to obtain 
ejaculated sperm from spermatogonia.> The data presented in Table 1 indicate 
that mice became sterile between 23 and 28 days after the initiation of D.O treat- 
ment. The body fluids attain about 70 per cent of their equilibrium concentration 
within two days, and full equilibrium concentration in about six days. Therefore, 
the viability of mature sperm is not affected merely by the presence of D.O in the 
tissue fluids. The experiments summarized in Table 2 indicate that sterility can 
be produced in mice by administration of D.O for as short a time as two weeks, but 
this sterility is not demonstrable until four weeks after initiation of D.O treatment or 
two weeks after DO administration has been discontinued. It would appear that 
a particular phase of spermatogenic development is affected. It should be noted 
that sterile mice become fertile again about four weeks after D.O is withdrawn. 

The selective action of D,O upon a particular stage of spermatogenesis can be 
compared to the action of other agents which have been reported by Jackson and 
co-workers.®. 7 Using rats, they found that triethylenemelamine interferes with 
a later stage of spermatogenesis, and about six weeks is required for recovery. 
However, it should be noted that sterility can be produced very quickly (within 
one week) with triethylenemelamine. Myleran (1,4-dimethanesulfonoxybutane) 
produces no sterility until eight weeks after a single dose, when sterility rapidly 
develops. Therefore, myleran is probably destroying spermatogonia but not 
partially developed sperm. The effect of radiation in rats is dose-dependent; 500 
r initially reduces litter size, and complete sterility is observed seven weeks after 
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irradiation. Thus all phases of spermatogenesis appear to be sensitive to radiation 
with the spermatogonia being completely destroyed. 

Oakberg has presented a timetable of cell development in spermatogenesis of 
the mouse.’ In Figures 1 and 2 we have superimposed the time of treatment with 
DO and its result upon a graphic representation of the timetable for mouse sperma- 
togenesis. The darkened areas show the presence of D.O during the indicated 
phases of sperm development. Thus, for mice treated two weeks with D.O (Fig. 
1) mature sperm and late spermatids developing in the presence of D.O did not 
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produce sterile matings, nor did sperm developing from spermatogonia and resting 
spermatocytes that had been in a D.O environment exhibit sterility. The common 
phase of sperm development in which exposure to D.O produced sterility includes 
the late prophase of the first meiosis and the early spermatids. The data from the 
experiment in which mice were treated three weeks with D.O and mated for weekly 
intervals localize the principal effect of D.O in the same developmental stage as 
obtained from the two-week experiment. It is at this stage that chromosomal 
reorganization occurs. Hevesy has reported that aberrations, including a tend- 
ency to ball together in irregular clumps, were observed in the chromosomes of the 
intestines of mice administered 30 per cent D,O.° 

The sperm of mice given 30 per cent D.O did not show any gross morphological 
changes until four weeks of treatment with D.O. At this time, numerous sperm 
were observed that had fragmented, and many nonmotile sperm were also seen. 
After longer periods of D.O treatment, an increasingly large number of sperm 
were nonmotile. However, some sperm from mice known to be sterile appeared 
normal when observed under low-power (70X) magnification. The production of 
sperm appeared to be nearly completely inhibited only after extended treatment 
(10 or more weeks) with 30 per cent D.O. 

As yet, the mechanism of the production of sterility by D,O has not been clearly 
shown. Possibly, the summation of the known small effects of deuterium on 
enzymic rates of reaction may produce metabolic imbalances culminating in death 
of the organism. However, the observation that late spermatids and mature 
sperm are apparently not damaged by D.O suggests that this is not a major effect. 

On the other hand, the appearance of sterility in male mice some two weeks or 
more after their return to normal drinking water indicates that the effect of D.O 
Was impressed upon information-carrying units in developing sperm. Although 
D.O was almost completely absent during the maturation of the sperm and when the 
mice mated,’ these sperm were still able to exhibit the effects of their much earlier 
contact with D.O in a variety of ways. Some of the offspring from these matings 
reached parturition but did not live, others died during gestation, and presumably 
still earlier phases of embryonic development were affected. The appearance of 
aberrations (as yet incompletely described) in sections of the testes suggests that 
these effects could make themselves apparent in the developing sperm itself. 
One can hardly escape the conclusion that the presence of D.O during the late pro- 


phase and first meiotic division (possibly the early spermatid as well) interfered with 


the normal construction of the genetic material itself. Such abnormalities would 
then manifest themselves ail along the developmental sequence, depending on their 
nature and number. 

The formation of giant algal and ascites tumor cells’. and the production of 
sterility in mice suggests strongly that the mechanism is at the macromolecular 
level, quite possibly due to changes in the physical-chemical forces binding macro- 
molecules—such as protein and nucleic acids—in which important structural features 
are maintained by the participation of many hydrogen bonds.".'' A change of 
this hydrogen bonding will affect the specificity of the complementarity in the 
double helix of nucleic acid in the chromosomal structure and could lead to mutation 
in the sperm.'®.'* Further experiments in other biological systems are in progress 
to test this hypothesis. Direct observation is under way of the effect of deuterium 
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on suitable physical and chemical properties of purines and pyrimidines as well as 


macromolecules (particularly polypeptides, proteins, enzymes, and nucleic acids). 

Summary.—Some of the conditions required to produce sterility in male mice by 
D.O have been investigated. Sterility can be produced in Cs; male mice by sub- 
stitution of 30 per cent D,O for normal water in the drinking water for two weeks. 
‘The mice become sterile four weeks after the initial treatment with D.O, and in this 
experiment two weeks after normal water has again been provided in the drinking 
water. By this and other experiments the sensitive phase of sperm production has 
been shown to be centered around the late prophase of meiosis. It is suggested that 
the normal construction of the genetic material has been affected and that the 
mechanism of action of D.O is at the macromolecular level. 


We would like to thank Dr. Eugene F’. Oakberg of the Biology Division of the Oak 
Ridge National Laboratory for the opportunity to discuss with him in detail this 
work and for the preliminary examination of the PAS sections. 
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NOTE ON THE LATERAL DENDRITES OF PLANTAR MOTONEURONS 
By Davip P. C. Luoyp 
PHE ROCKEFELLER INSTITUTE, NEW YORK CITY 
Communicated February 18, 1959 
The small muscles of the sole of the foot receive their motor innervation, through 
the medial and lateral plantar nerves, from a group of motoneurons, numerically 
large considering the mass of muscle supplied, situated in the dorso-lateral angle of 
the ventral horn chiefly of the first sacral and upper part of the second sacral 
segment.' The method of chromatolysis employed by Romanes in his classical 
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study of the motor cell columns of the spinal cord is ideal for locating the cell bodies 
of specific groups of motoneurons, but can tell little of the location and orientation 
of dendrites. Struck by the fact that a surprisingly large response of motoneuron 
dendrites can be recorded from the lateral surface of the spinal cord at this par- 
ticular segmental level, experiments were made to see if the dendritic response in 
question could, indeed, be that of the plantar motoneurons. 

The motoneurons were activated ‘antidromically”’ by stimulation of the distally 
severed plantar nerves after cutting the appropriate dorsal roots to preclude reflex 
effects upon the motoneurons. Dendritic responses were recorded by an electrode 
applied as desired to the surface of the spinal cord. Another electrode at a distance 
completed the input. The preparations were decapitate cats. 

Earlier work? had suggested that the largest dendritic response, assuming the 
surmise concerning plantar motoneurons to be correct, would be found in a region 


just dorsal to the denticulate ligament at the “equator’’ of the spinal cord. The 


inset to Figure 1 presents a recording of the dendritic response of plantar moto- 
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neurons obtained from that region. It is characteristic of dendritic responses; 
there is initially a prodromal positive (downward) phase indicating the flow of 
current to impulse sinks in the more central parts of the motoneurons which re- 
verses to a negative (upward) phase indicative of conduction in the region of the 
electrode. 

The plot of Figure 1 expresses amplitude of the plantar motoneuron dendritic 
response as a function of distance along a line extending from the craniad limit of 
response, parallel to the denticulate ligament and just dorsal to it, through the 
region of maximal response, to the caudad limit of response. Indicated on the 
abscissa are the segmental levels and the boundaries between the seventh lumbar 
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and first sacral segments, and between the first and second sacral segments. Dis- 
tance is indicated in millimeters from the junction of seventh lumbar and first 
sacral segments. 

Amplitude of a response is related to the amount of active tissue subjacent to 
the electrode, which is to say in this instance to the number of active dendrites. 
Comparison between Figure 1 and the plots of Romanes that depict the longi- 
tudinal numerical distribution of plantar motoneuron cell bodies! reveals a truly 
remarkable similarity. To quote his description of column 6, which contains the 
motoneurons in question, it “starts in the lowest part of the 7th lumbar segment... . 
rapidly increases in size and in the first sacral becomes the largest single column of 
the whole (lumbosacral) enlargement. The main body of the column terminates 
at the junction of the first and second segments but a few scattered cells continue 


into the second.”’ 
In longitudinal location the distribution of the dendritic response may shift 
slightly from preparation to preparation. In the extreme prefixed condition 


there is considerable response in the caudal part of the seventh lumbar segment; 
in the extreme postfixed, as illustrated in Figure 1, there is virtually none in the 
seventh lumbar segment whilst the response is considerable in the upper second 
sacral segment. In any event, the zone of the peak response lies, either higher or 
lower, well within the first sacral segment. 

The indication from these experiments is that the motoneurons of plantar muscles 
have dendrites, in profusion but in proportion to the numbers of cell bodies, extend- 
ing directly laterally through the white substance toward the lateral surface of the 
cord. Extension of dendrites in this manner is a characteristic of the reptilian or 
batrachian spinal cord, and such extensions have been noted in foetal or new-born 
mammals, but are said in general not to be a feature of the adult mammalian spinal 
cord.* The motor nucleus of the plantar muscles thus would seem to present an 
especial case in exception to the general rule. 

1 Romanes, G. J., ‘The motor cell columns of the lumbo-sacral spinal cord of the eat,” 


Comp. Neurol., 94, 313-364 (1951). 
2 Lloyd, D. P. C., “Electrical signs of impulse conduction in spinal motoneurons,” J. Gen. 


Physiol., 35, 255-88 (1951). 
3 Cajal, S. R., Histologie du systeme nerveur de Vhomme et des Vertébrés, (Paris. Maloine, 1909), 


vol. 1. 





TEMPERATURE AND DENDRITIC RESPONSE OF SPINAL 
MOTONEURONS 


By Davin P. C. Luoyp 
THE ROCKEFELLER INSTITUTE, NEW YORK CITY 
Communicated February 18, 1959 


Well-established are the facts that the dendrites of spinal motoneurons carry 
impulses, at least in the cellulifugal sense, and that they do so with a decrement.'!~4 
Whether or not they do these things in the cellulipetal sense is not a matter 
of present concern. The experiments to be discussed relate to “antidromic’’ 
conduction in dendrites of spinal motoneurons of the cat and the influence upon 
it of temperature change, an essentially unexplored problem. 

Utilizing the fact that the dendrites of those motoneurons that supply the small 
plantar muscles extend laterally to the surface of the cord,® one can by chilling the 
cord surface produce a temperature change confined essentially to the dendrites 
themselves. In practice the warmed oil routinely employed to cover the exposed 
spinal cord was replaced by chilled oil which produced a rapid fall in temperature. 
During the ensuing 45 or so minutes, with the aid of an infrared lamp, temperature 
at the cord surface returned over a roughly exponential course to normal. Through- 
out this time dendritic responses were elicited and recorded from the point of 
maximal response® on the cord surface, which is to say at the periphery of the 
motoneuron pool, by means of an electrode pitted against another at a distance. 
A thermocouple, by means of which temperature was recorded, was placed imme- 
diately adjacent to the electrode on the cord surface. 

Figure 1 illustrates the manner in which dendritic response grows as temperature 
is lowered from 37° to 32°C. Since the superimposed recordings are identical until 
some time (indicated by an arrow) after the region ceases to be a source of current 
flow to impulse sinks in the more central parts of the motoneurons, it follows that 
there has been no influence upon conduction through the axons, the cell body, and 
the proximal dendrites. If, by way of contrast, body temperature generally is 
lowered, not only is the negative phase of dendritic response increased but so 
too is the prodromal positive phase, and the onset of each phase is later in time, 
all of which indicate the more widespread field of effect. Thus it would seem that 


the procedure employed reveals change in the more peripheral stretches of the 


dendrites and, furthermore, change that is primarily there rather than secondarily 
the result of change elsewhere. 

In Figure 2 is plotted amplitude of the dendritic responses as a funetion of 
temperature in the range between 20° and 38°C. <A ceiling of amplitude exists 
between 21.5° and 25.5°C above which temperature range there is a linear decrease 
in amplitude with increase in temperature. On the average in these experiments 
the maximum, and ceiling of, dendritic response occurred between 20.5° and 24.5°C, 
This result is in sharp contrast with that of Chang® who found the cortical ‘“den- 
dritie potential” to be maximal in the range of normal body temperature and to 
fall off in the amplitude to practical extinction at 20°C. No simple explanation 
for this discrepancy presents itself, but the fact suggests that it is unwise to general- 
ize concerning the activity of dendrites. 


5S 
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A striking aspect of the increment in amplitude with suddenly falling tempera- 
ture is its rapidity. When the cord surface temperature was lowered suddenly 
to 21°C, dendritic response reached 





a ceiling within 20 seconds, remain- 
ing at that amplitude for 2 minutes 
during which time temperature rose 
to 25.5°C. With continued rise in 
temperature, response declined in 
the manner indicated by Figure 2. 
That the decline in amplitude at 
temperatures below 21°C is real and 





not merely caused by the time re- 
quired for the dendritic response to 
increment to ceiling is indicated by 
another experiment. Temperature 
0.5 msec. at the cord surface was reduced to 
' 19.6°C. In this instance a minute 








nl n n n i Nl n 1 
Fic. 1. Change in form of the dendritic response passed before ceiling was reached 
of plantar mononeurons with change in temperature during which interval temperature 


at the spinal cord surface : % r a: 
rose from 19.6° to 22°C. Ceiling 





amplitude was maintained as temperature rose to 24.5°C after which the decline 


with further temperature rise occurred. Thus, at temperatures below approxi- 
mately 21° to 22°C there is a progressive establishment of cold block. 
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Fig. 2.--Amplitude of dendritic response plotted as a function of 
temperature at the spinal cord surface. 


The response of dendrites is augmented in other circumstances: during impinge- 
ment of presnaptic activity! and during anoxia or asphyxia.’ Interaction between 
two causes of increment can be studied to best advantage by combining tempera- 
ture change and presynaptic impingement. To do this, long spinal reflex aetivity® ° 
has been employed to provide the requisite facilitatory background. Responses 
of the dendrites in isolation and in suitable temporal combination with a long 
spinal reflex volley were alternated throughout the period of temperature change. 
In this way the amplitude of response and the degree of facilitation produced by 
the long spinal reflex background can be measured at any given temperature. 
The result is depicted in Figure 3. 
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Figure 3 shows that the facilitation of dendritic response produced by long 
spinal reflex action is in degree inversely proportional to size of the unconditioned 
response. In the range of temperatures at which the unconditioned dendritic 
response is at maximum there is no increment of response consequent upon long 
spinal reflex bombardment of the motoneurons. These facts would seem to 
indicate that the region of the dendrites in which decremental conduction reliev- 
able by presynaptic action occurs is the same as that in which decrement relievable 
by cooling takes place. Were it not, in which case the region of decrement reliev- 
able by presynaptic action would necessarily be closer to the cell bodies, one would 
expect presynaptic action still to be effective when the temperature effect is maxi- 
mal. Thus it would appear that decrement in the main is confined to the distal 
region of the dendrites. 
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Fic. 3.Amplitude of dendritic response and degree of facilitation produced 
by presynaptic activity plotted as a function of temperature 


Degree of facilitation = o 
(Per cent increment in amplitude) 





Clearly the three agencies presynaptic activity,! asphyxia,’ and cooling all act 
to increase decrement of dendritic conduction by causing a depolarization of the 
dendritic membrane. Increase in membrane potential, such as occurs during the 
recovery cycle of motoneurons, or in the post-anoxie state, causes an increase in the 
decrement.** In other words decrement in dendritic conduction is dependent 
upon the level of membrane potential. That fraction of membrane potential 
determining decrement is highly labile for the effects of temperature change, and 
of anoxia, are large and rapid. It is noteworthy in this connection that the change 
in membrane potential caused by cooling of nerves is confined largely to the L- 
fraction.” 

Presynaptic activity in bringing about depolarization acts directly upon the 
excitable membrane and only secondarily upon the metabolic mechanism to restore 
the membrane potential depleted by synaptic bombardment, or to maintain it in 
the face of ‘resting’ activity. Temperature change and anoxia differ in that 
they act not directly upon the membrane, but rather upon the metabolic system 
that maintains the membrane potential. Since the decrement of dendritic con- 
duction in degree is related (although the precise relation is not known) to the level 
of membrane potential, and since the membrane potential is determined by an 
equilibrium between electrostatic forces and chemical forces dependent upon 


oxidative metabolism, it follows that amplitude of the dendritic response between 
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zero and ceiling is an expression in the inverse sense of the rate at which the meta- 
bolic processes are operating. 

It is of interest that the dendritic membrane, given adequate oxygen, normal 
carbon dioxide and maintained at normal body temperature, should be set at a 
level of polarization so far from that at which maximal response is possible. One 
must suppose that dendritic conduction with decrement toward the tips is the 
normal occurrence and important to the normal working of the motoneurons. 
It would occur, for instance, not only in artificial “antidromic” action, but also 
in association with monosynaptic reflex transmission, for the presynaptic endings 
concerned are located on the cell body and the thick proximal dendrites,!' !? and 
the impulse generated there would travel toward the dendrite tips as well as along 
the axon to the periphery. 


' Renshaw, B., “Effects of presynaptic volleys on spread of impulses over the soma of the 
motoneuron,”’ J. Neurophysiol., 5, 235-243 (1942). 

? Lorente de N6, R., “Action potential of the motoneurons of the hypoglossus nucleus,”’ ./. 
Cell. Comp. Physiol., 29, 207-288 (1947). 

‘Lloyd, D. P. C., “The interaction of antidromie and orthodromic volleys in a segmental 
spinal motor nucleus,”’ J. Neurophysiol., 6, 143-152 (1943). 

‘Lloyd, D. P. C., “Electrical signs of impulse conduction in spinal motoneurons,”’ J. Gen. 
Physiol., 35, 255-288 (1951). 

5 Lloyd, D. P. C., “Note on the lateral dendrites of plantar motoneurons,”’ these PROCEEDINGS, 
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® Chang, H. T., “Cortical neurons with particular reference to the apical dendrites,’ Cold 
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DECREMENTAL CONDUCTION IN: PERIPHERAL NERVE. 
INTEGRATION OF STIMULI IN THE NEURON 
By R. LorRENTE DE N6 AND G. A. Conpourts* 
oun ROCERYaLIER IheTYTCES, waw YORK CITT 
Communicated February 23, 1959 


The purpose of this communication is to reinstate an important piece of knowl- 


edge, the doctrine of decremental conduction in peripheral nerve, which existed 


in the classical literature, but which was lost some 34 years ago, when, mistakenly, 
physiologists of prestige deemed it erroneous. 
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Historical Background.—The concept of decremental conduction was enunciated 
in 1881 by Szpilman and Luchsinger! to explain the results of this experiment. A 
segment of the nerve of a nerve-muscle preparation is enclosed in a nareotizing 
chamber. The nerve is stimulated alternatively through electrodes outside the 
chamber, near the central end of the nerve, and through electrodes inside the 
chamber. Contraction of the muscle serves as indicator of the effectiveness of 
stimulation.t— As the effect of the anesthetic (ether or alcohol vapor) develops, 
inside stimulation soon fails to cause a muscle contraction while the effect of out- 
side stimulation remains apparently unchanged. Nevertheless, if the stimulating 
current is increased, inside stimulation again becomes effective. As the anesthesia 
advances a stage is reached during which outside stimulation, however strong, fails 
to cause a muscle contraction, while strong inside stimulation still is effective. 
Finally, also strong inside stimulation becomes ineffective. During the recovery 
from anesthesia inside stimulation becomes effective first and some time later 
also outside stimulation becomes able to elicit a muscle contraction. 

That at the beginning of the anesthesia inside stimulation fails, unless the stimu- 
lating current is increased, indicates that the anesthetic raises the threshold of 
stimulation of the nerve without preventing conduction of impulses. Szpilman 
and Luchsinger did not follow this change in detail, but a few years later Werigo? 
showed, in a systematic investigation, the accuracy of which cannot possibly be 
increased by the use of present-day techniques, that as the anesthesia progresses the 
stimulation threshold rises continuously. The increase in threshold, however, 
cannot explain the fact that after outside stimulation has failed, strong inside stimu- 
lation still results in the initiation of impulses, which cause the muscle to contract. 
To explain this fact, Szpilman and Luchsinger developed the concept of decremental 
conduction with an argument so lucid that it will be reproduced here with minor 
changes in terminology. Let a, b, c, d, be successive segments of a nerve. 
At a the stimulating current initiates an impulse of magnitude /,, given by this 


a’ 


equation 
uUS)S (1) 


IT, measures the magnitude of the action current (one may take the height of the 
action potential as a measurement of that magnitude) which the impulse at a 
causes to flow; uw(S) is a function of the stimulating current. The impulse at a 
initiates at b an impulse of magnitude /, a/,: The impulse at 6 initiates at ¢ 


an impulse of magnitude /, a l,, ete., so that during propagation the nerve im- 


ti 


pulse has the following successive magnitudes 
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In equations (2) the a’s are functions of the magnitudes / and of the properties of 
the nerve. It is clear that if 
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ay a. = a3 (3) 
the impulse will be conducted with constant magnitude. 
If, however, 


Q1, 2, a3, ... > 1 (4) 


the impulse will increase in magnitude during propagation. (Incremental con- 
duction occurs, for example, whenever the impulse passes from a zone of decrement 
into untreated nerve; see below, lig. 7.) 

If, on the other hand, 


(5) 


the impulse will decrease in magnitude during propagation, i.e., it will be conducted 
with decrement; eventually it will be extinguished. The length of the segment of 
nerve through which an impulse may propagate itself depends on two factors, the 
magnitude that it has at the cathode of the stimulating current, and the magnitude 
of the a’s. The smaller are the a’s, the more rapid is the decrement and con- 
sequently the shorter the segment through which the impulse can propagate 


itself, 
Mquations (1), (2), and (5) apply to nerve, which has been submitted to the aetion 


of anesthetics. Outside stimulation fails, while inside stimulation still is effective, 
when the values of the a@’s are such that the nerve impulse can propagate itself 
through half the length but not through the entire length of the narcotizing cham- 
ber; inside stimulation fails when the values of the a’s are such that the impulse 
can no longer propagate itself through half the length of the chamber. During 
the recovery the values of the a’s increase progressively so that the impulse again 
becomes able to propagate itself first through half the length and then throughout 
the entire length of the chamber. 

The remarkable fact should be emphasized that according to the doctrine of 
decremental conduction anesthesia does not block conduction because it abolishes 
the ability of the nerve fibers to produce impulses; anesthesia blocks conduction 
because it creates the conditions for decremental conduction and the nerve impulse 
is extinguished during propagation through the treated segment. On the other 
hand, it should be emphasized that in Szpilman and Luchsinger’s formulation no 
definite statement was included regarding the value of u(equation 1) in normal nerve. 
It was not until some 30 years later that the crucial nature of this problem could be 
understood. 

The doctrine of decremental conduction survived a 30 year long period of discus- 
sion and elaboration by a large number of physiologists. During this period 
weighted objections were raised against it by Werigo,? but the objections were 
positively removed by the work of Dendrinos* in Hering’s laboratory and by the 
work of a number of authors (Iréhlich, Boruttau, Ishikawa, ete.) in Verworn’s 
laboratory (ef. literature in Verworn'). The vast majority of those experiments 
were done with the classical techniques of comparing the effects of stimulation out- 
side and inside the narcotizing chamber or determining the length of the segments 
through which at various depths of anesthesia the impulses can propagate them- 
selves, but in 1912 Adrian® described a new type of experiment (see below, Fig. 
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7, 1, 11), so elegant and so convincing, that by itself it was sufficient to establish the 
doctrine of decremental conduction upon sound foundation. 

After decremental conduction had been securely established, i.e., after it had be- 
come clear that the magnitude of the nerve impulse could be measured by the length 
of the zone of decrement through which the impulse can propagate itself, it became 


possible to attempt to determine for normal nerve the relationship of the magnitude 


of the nerve impulse to that of the stimulating current. Since, in experiments done 
with the narcotizing chamber technique (lig. 2, below), after outside stimulation 
has failed, to increase the outside stimulus apparently has no significant effect, 
Lodholz® and Adrian’? concluded that in untreated nerve the impulse has a fixed 
magnitude, i.e., that the all-or-nothing law is valid for the individual nerve fibers. 
Also toward the end of the period of elaboration proof was obtained by Adrian® and 
Lucas’ of an important faet, namely that when the conditions necessary for decre- 
mental conduction have been created, the decrement is intensified during the rela- 
tively refractory period. Among other reasons, the fact is important because it 
explains Wedensky’s inhibition phenomenon.'? 

In its final form the doctrine of decremental conduction included two proposi- 
tions (ef. Verworn,* Lueas!!). 

(a) All-or-nothing law. In untreated nerve the magnitude of the nerve im- 
pulse is independent from the magnitude of the stimulus: the nerve fibers either 
do not produce an impulse or produce one of maximal magnitude. Consequently, 
in untreated nerve the impulse is conducted with constant magnitude, at uniform 
speed. 

In terms of Szpilman and Luchsinger’s formulation the all-or-nothing law would 
have had this meaning. In untreated nerve, « (equation 1) is a constant and the 


magnitude of the impulse at the cathode is 
ws, (6) 


where S, is the threshold stimulus, i.e., the magnitude of that applied current which 
is just sufficient to initiate an impulse. Therefore to increase the stimulating cur- 
rent may shorten the latency, but it cannot increase the magnitude of the nerve 
impulse. 

(b) Decremental conduction. In nerve depressed by any one of a large variety 
of agents the all-or-nothing law is not valid. The magnitude of the impulse at the 
cathode decreases when the stimulus which produces a maximal impulse is reduced, 
and in any one segment of the nerve the magnitude of the nerve impulse is such 
that it can initiate in the next segment only an impulse of smaller magnitude. 
Consequently, the magnitude of the impulse and the speed of conduction decrease 
progressively during propagation; eventually the impulse is extinguished. 

In terms of Szpilman and Luchsinger’s formulation proposition b is defined by 
equations (1), (2), and (5). 

The importance of the doctrine of decremental conduction for the understanding of 
the physiology of the central nervous system was fully appreciated by the classical 
authors. The all-or-nothing law could be valid for peripheral nerve, which ap- 
parently has no other function than to conduct impulses throughout its entire 
length; but there should be in the central nervous system zones where decremental 
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conduction oecurs. In those zones processes of summation and of inhibition would 
take place, much in the manner in which they take place in a segment of peripheral 
nerve, Which has been caused to conduct with decrement (ef. Wedensky,'® Adrian 
and Lueas'*?). To implement this thought ingenious arguments were developed 
by Lueas!! (ef. also Forbes!*). 

The doctrine of decremental conduction did not survive the objections that were 
raised against it by Kato,'* Davis, Forbes, Brunswick, and Hopkins,'® and Kato 
and Teruuchi.'?7 It seems unbelievable, but it is true, that although the objections 
were soon proved to be unjustified by a number of authors (Ishikawa and co- 
workers,'’ Fréhlich,'!® Baruch,?? Wiersma,?! Reswjakoff,??. Woronzow,”* — ete.), 
the doctrine of decremental conduction disappeared from the literature and there 
remained, to mold the thinking of neurophysiologists, only the all-or-nothing law 
in the generalized, inflexible form given to it by Kato: The magnitude of the nerve 
impulse depends upon the state of the nerve fibers, but in any case the nerve fibers 


produce either a maximal impulse or none at all. If the impulse is small it will be 


conducted at a reduced speed, but it will be conducted, without decrement, through- 
out the entire length of the nerve. 

It is indeed difficult to explain why the doctrine of decremental conduction was 
abandoned, in spite of the existing, gigantic body of evidence that supported it. 
Two factors may have played a role. Before it had been sufficiently elaborated, a 
new technique, which became available at that time (the study of responses of 
single fibers),t seemed to indicate that the all-or-nothing law is valid under any 
condition (ef. Tasaki*4). On the other hand the celebrated researches of Adrian 
and co-workers” had established the existence of a theretofore unsuspected mecha- 
nism of graded excitation, the regulation of the number and of the frequency of 
impulses conducted by nerve fibers. 

Soon after the all-or-nothing law had been accepted as generally valid for pe- 
ripheral nerve it became clear that if the law also should apply to the bodies and 
dendrites of the neurons, the integrative role of the neuron could not be understood. 
Let this situation be made clear. Toward the end of the past century analysis 
of the fine structure of the nervous system led Cajal to the establishment of the now 
generally accepted neuron theory.” An essential concept of the theory is this: 
The neuron integrates the stimuli that it receives at the numerous synapses that 
nerve fibers of varied origins establish on its body and dendrites and initiates in its 
axon a Wave of excitation which is delivered to other neurons with which the axon 
establishes synaptic junctions. To develop this concept it was not necessary to 
understand in detail the nature of nervous conduction; consideration of the plan 
of structure of the nervous system and the assumption of a flow of “nervous energy”’ 
in the neurons from the synaptic junctions toward the axon were sufficient. 

Later, however, after nerve physiologists had proved the discontinuous nature of 
the nerve impulse, to explain how the neurons can play their integrative role became 
a serious problem. If the body and dendrites of the neurons should conduct all- 
or-nothing, i.e., maximal, nerve impulses and if the impulses could be initiated by 
activation of a small group of closely neighboring synapses anywhere in the neuron, 
then summation of synaptic stimuli delivered to distant synapses, for example to 
synapses in different dendrites or to synapses in two different segments of a long 
dendrite, could never take place. 
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The problem of summation of impulses delivered at distant synapses is par- 
ticularly apparent in the cerebral cortex, where as a rule the number of synapses 
established on the bodies of the neurons is very small in relation to the number of 
synapses established on long dendritic processes,®~** and where there are types of 
neurons which could never be activated by afferent fibers unless impulses delivered 
at thin branches of the main dendritic shaft could summate to initiate a self- 
propagating nerve impulse. Thus, when the attempt was made to ascertain, on 
the basis of detailed anatomic knowledge, how nerve impulses could travel through 
the cerebral cortex, the conclusion had to be reached that the all-or-nothing law 
could not. be valid for the bodies and dendrites of the neurons; instead, the existence 
of graded responses capable of spreading without leaving a refractory period, and 
capable of summating, had to be postulated.” Consideration of the same problem 
has recently led Bishop*® to a similar conclusion. In the recent literature graded 
responses of the type of subliminal postsynaptic potentials (Eecles®: *'!) have been 
believed to represent important components of cortical potentials (Bishop,*? 
Bremer,** Grundfest**). In addition to subliminal synaptie potentials, and to 
other subliminal processes discussed by Bremer,* to explain the integrative role of 
the neuron we may consider now the kind of graded responses postulated in the 
classical doctrine of conduction with decrement: nerve impulses of variable magni- 
tude capable of propagating themselves through variable, but limited, lengths. 

Reinstatement of the Classical Doctrine.—The existence of decremental conduction 
has been demonstrated in an extensive series of experiments done with spinal 
roots of bullfrogs and with sciatic nerves of frogs and bullfrogs, either with intact 
sheath or desheathed.§ Two classes of agents have been used to cause the nerves 
to conduct with decrement. (1) Agents which produce a progressive depolariza- 
tion of the nerve fibers, such as ethyl! alcohol, an excess of potassium ions or an 
excess of hydrogen ions, and (2) agents which do not alter the resting membrane 
potential, such as sodium-free or sodium-deficient solutions, procaine, cocaine, 
xylocaine, ethyl-urethane, and phenyl-ethyl-urethane. With oscillographie tech- 
nique the classical experiments with stimulation outside and inside the narcotizing 
chamber can be repeated in such a manner that the causes of error suspected by 
Werigo? and by Kato! can be positively eliminated. It has been found that the 
observations on decremental conduction made by the classical authors, and in 
particular the results of the refined experiments done by Adrian®: 7 and Lodholz,® 
were perfectly correct (Figs. 1 and 2). On the other hand, with oscillographic 
technique it is possible to observe directly, during propagation of the nerve impulses, 
the progressive decrement of both the height of the action potential and the speed of 
conduction (Figs. 3 to 6). 

Whether the depressant agent reduces the value of the membrane potential or 
not, two changes in the properties of the nerve fibers always take place before 
decremental conduction becomes demonstrable. The threshold of stimulation 
increases and the height of the maximal action potential at the cathode decreases. 
In all probability decremental conduction develops very early because conduction 
with decremental speed is observed very soon, but since segments of bullfrog nerve 
with uniform diameter longer than 30 mm are not available the decrement in the 
height of the action potential cannot be demonstrated with certainty until the 


decrement is rapid enough for nerve impulses to be extinguished during propagation 
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through a 380 mm long segment of nerve. With advancing time those two changes 
become progressively greater and the rate of decrement during conduction increases, 
so that the nerve impulses are extinguished during propagation through progres- 
sively shorter segments of nerve. In each nerve fiber propagation ceases when the 
action current of the decrementing impulse fails to reach the threshold of stimula- 
tion of a certain segment of the fiber; in this segment, therefore, the action current 
creates only a subliminal electrotonic potential. Decremental conduction ceases 
entirely when the maximal impulse at the cathode is so small that its aetion current 
cannot initiate an impulse in the next segment of the nerve. The action potential 
of the unconducted impulse spreads only electrotonically, 1.e., passively, much in 
the same manner as does the electrotonic potential created by the applied current 
(Fig. 4). Finally, the impulses initiated at the eathode become so small that their 
action potentials are undistinguishable from the electrotonic potential created by 
the applied current. 

Decremental conduction is independent from the direction of travel of the nerve 
impulses. Impulses initiated near the central margin of a treated segment of nerve 
are extinguished during propagation peripheralward before reaching the peripheral 
margin, and impulses initiated near the peripheral margin are extinguished during 
propagation centralward before reaching the central margin. 

The very fact that decremental conduction occurs leaves no doubt that the magni- 
tude of the nerve impulse increases with that of the stimulus and that large impulses 
are propagated through longer distances than small ones. With multifibered nerves, 
however, it is not possible to establish an accurate relationship between the height 
of the action potential of the individual nerve fibers and the magnitude of the stimu- 
lating current, even though it is reasonable to assume that the height of the maximal 


action potential at the cathode is proportional to the height of the individual fiber 


spikes. For this reason it is important to mention that in recent work with single 
fibers spectacular failures of the fibers to obey the all-or-nothing law have been 
observed (Altamirano, Coates and Grundfest,*® Mueller*®*). When the magnitude 
of the current which is capable of initiating a maximal action potential is reduced 
the height of the action potential decreases. 

The reinstatement of the doctrine of decremental conduction is a matter of 
importance for nerve physiology. It has appeared that the magnitude of the nerve 
impulse may be made to vary from the normal maximal magnitude down to zero 
by two different changes in the ionic composition of the external medium of the 
nerve fibers: a decrease in the amount of sodium ions or an increase in the amount of 
potassium ions. And the same result may be obtained, while the ionic composi- 
tion of the external medium is maintained normal, by means of agents as varied as 
anoxia, alcohol and ether, which depolarize the nerve fibers, or anestheties, which 
do not alter the value of the membrane potential. Consequently it is impossible 
to accept any hypothesis, such as the Hodgkin-Huxley-Katz hypothesis (ef. 
Hodgkin*®’) in which the magnitude of the nerve impulse is supposed to be directly 
determined by the concentration of sodium and potassium ions outside the nerve 
fibers. 

Experimental Evidence.-A few crucial experiments on decremental conduction 
will be now briefly described. 

The experiments illustrated by Figures | and 2 are a repetition, with the advan- 
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tages offered by modern oscillographic technique, of the classical experiments with 
stimulation inside and outside the narcotizing chamber. The purpose of the ex- 
periments is to answer two objections raised by Werigo? and by Kato! ™ against 
the classical explanation. The first objection was this. According to Werigo and 
to Kato, after outside stimulation has become ineffective, inside stimulation remains 
effective, not because impulses are initiated in the treated segment, but because the 
applied current spreads and initiates impulses in the untreated segment of the nerve 
beyond the peripheral wall of the narcotizing chamber. 

The experimental arrangement is indicated in the diagram at the bottom of Figure 
2. The nerve is mounted inside a rectangular vessel divided into three chambers by 
two walls, 1.5 mm thick, provided with vaseline seals. The lateral chambers are 
filled with Ringer’s solution and the central chamber with the test solution. The 
solutions are removed during the brief periods of time needed for oscillographic 
analysis. Between the periods of oscillographic analysis the solutions are renewed, 
and therefore effectively stirred, very frequently; indeed, they have been routinely 
renewed at 30 second intervals. Thereby the concentration of the test substance is 
maintained permanently constant throughout the entire length of the narcotizing 
chamber, and permanently zero in the lateral chambers. A pair of (outside) stimu- 
lating electrodes is placed in one of the lateral chambers (Fig. 2, 0), with the cathode 
at some distance from the wall, and a pair of recording electrodes is placed in the 
other lateral chamber, the first recording electrode being in contact with the wall 
and the second electrode at some 15-20 mm from it, in contact with an uninjured 
point of the nerve. In the central chamber there is a pair of movable electrodes 
(m). After stimulation through the outside electrodes, 0, has become ineffective 
rectangular pulses of current are delivered to the treated segment through electrodes 
m, first with the cathode in contact with the wall of the chamber and then with the 
cathode at progressively increasing distances from the wall. As the cathode is 
moved away from the wall the magnitude of the stimulating current is increased. 
Whether the stimulating electrodes o are placed on the central segment of the nerve 
or in the peripheral segment does not modify the experimental results. 

The argument underlying the experiment is this. As is at present well known, 
when a rectangular pulse of current is applied to a segment of nerve of uniform 


properties impulses are initiated when the catelectrotonic potential reaches thresh- 


old value. Since the eateleectrotonus has its highest value at the cathode and 
rapidly decrements in height with distance from it, the impulses are always initiated 
at the cathode itself. If the current is just above threshold the impulses are initiated 
after a long utilization time, up to | msec or even more, but if the magnitude of the 
current is increased the utilization time decreases rapidly, because the catelectro- 
tonic potential reaches threshold value at a much earlier time. With currents two 
or three times larger than that which initiates impulses in all the A fibers the utiliza- 
tion time is negligible. 

When the current is applied near the margin of a segment of nerve that has been 
treated with a blocking agent the situation may be different, because, since the 
agent causes a rise in the stimulation threshold of the treated segment, the catelee- 
trotonic potential may reach threshold value in the untreated segment at some 
distance from the cathode before reaching threshold value at the cathode itself. 

The problem therefore is to differentiate between impulses that may have been 
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1.5mM Ph. ureth. 


Intact sciatic 


Fic. 1.--Decremental conduction in a bullfrog 
sciatic nerve, with intact sheath, treated with 
1.5 mM phenylurethane added to Ringer's solu- 
tion. Arrangement of electrodes as indicated in 
the diagram at the bottom of Figure 2. The 
magnitudes of the stimulating currents used for 
records 2 to 12 are given as multiples of the cur- 
rent used for record 2. The distances in mm 
given on the records are the distances from the 
cathode of the movable electrodes (m) to the 
wall of the central chamber. Stimuli of any 
magnitude applied through the outside electrodes 
(o) had become ineffective 15 minutes before the 
observations of decremental conduction through 
the treated segment were begun. After outside 
stimulation had become ineffective the nerve was 
left suspended in moist air. 


Proc. N. A. S. 


initiated in the untreated segment by 
electrotonic spread of the applied cur- 


rent and impulses that have been ini- 
the 
The problem has proved to 


tiated at the cathode in treated 
segment. 


have a simple solution. 


In the experiment illustrated by 
“gure 1, a 30-mm long segment of 
nerve was treated with 1.5 mM phenyl 
urethane dissolved in Ringer’s solution, 


.e., like 


other nondepolarizing anesthetic, in- 


with an agent, which any 
creases the spread of the electrotonus 
because it increases the transverse re 


The 


minutes 


sistance of the nerve membrane. 
observations were begun 15 
after stimulation through the outside 
electrodes had become ineffective. 


Two strengths of current were used 
when the cathode of the movable elec- 
trodes (m) was in contact with the wall 
of the chamber, i.e., at approximately 
1.5 mm from the first recording elec- 
The 


only a subliminal electrotonic potential 


trode. weaker current created 
(Fig. 1, 7), but the stronger current was 
able to initiate a small action potential 
after a long utilization time (lig. 1, 2). 
Since the assumption can only re- 
inforce the argument, let it be assumed 
that the action potential in Figure 1, 2 
belonged to impulses initiated just out- 
Then, the 


electrotonic potential in Figure 1, 2 


side the central chamber. 


measures the minimal height that the 
catelectrotonus must reach at the first 
recording electrode when impulses are 
initiated just outside the central cham- 
ber. (if the assumption were erro- 
neous, 1.e., if the impulses to which the 
action potential in Fig. 1, 2 belonged 
had been initiated inside the treated 
segment, that 
would be reinforced, because in that 
the potential in 
Figure 1, 


the argument follows 


case electrotonic 


2 would be the measure of a 
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stimulus which was still subliminal for points outside the nareotizing chamber.) 

On the basis of this information it can concluded, with absolute certainty, that 
all the other action potentials that appear in Figure 1 belonged to impulses which 
were initiated within the treated segment, since they are superposed upon electro- 
tonic potentials which are smaller than the electrotonie potential in record 2 
(record 4) or even smaller than the subliminal electrotonie potential in record / 
(records 6 to 12). Particularly convineing are records 6 and 8 which were obtained 
with the cathode at 6 and 8 mm from the wall. They present large action potentials 
having shorter latencies than the action potentials in records 2 or 4. Therefore, 
the impulses, which had to be conducted through 6 or 8 mm of treated nerve, must, 
have been initiated at the cathode after very short utilization times. 

An important feature of decremental conduction is illustrated by Figure 1. 
When the cathode of the movable electrodes (m) was displaced from 4 to 6 mm from 
the wall, that current which a 4 mm had initiated an action potential capable of 
reaching the first recording electrode (Fig. 1, 4) failed to do so at 6 mm from the 
wall (Fig. 1,4). The explanation of this phenomenon lies at hand. The relatively 
small current that was used to obtain records 4 and 5 could initiate only small 
impulses, which could propagate themselves through a 4 but not through a 6 mm 
long segment of treated nerve. When the applied current was increased it became 
able to initiate larger impulses which readily propagated themselves to reach the 
untreated segment of the nerve (lig. 1, 6). A similar phenomenon was observed 
when the cathode was displaced from 6 to 8 mm from the wall (Fig. 1, 7) and the 
current was strengthened (lig. 1, 8). 

All the records of the series 8 to /2 (Fig. 1) were obtained with the same stimulat- 
ing current. Consequently, the progressive decrease in height of the action po- 
tential gives a fair measure of the intensity of the decrement during conduction. 

As already mentioned, the observations presented in Figure 1 were begun 15 
minutes after stimulation through the outside electrodes (0) had failed. During 
this time the anesthesia had become somewhat deeper and no fiber could conduct, 


impulses through a segment longer than 16-17 mm. If the observations had been 


made immediately after outside stimulation had failed, conduction with decrement 
through a 26-28 mm segment of nerve could have been demonstrated, as has indeed 
been repeatedly demonstrated in this laboratory. On the other hand, if the con- 
centration of the anesthetic is increased the intensity of the decrement grows very 
rapidly, so that within a few minutes decremental conduction through a segment of 
nerve more than 6-8 mm long can no longer take place. If phenylurethane is used 
at the concentration 5 mM the anesthesia becomes so deep that no decremental 
conduction at all can take place. To be sure, with the technique used for the ex- 
periments of Figures 3 to 6 it is found that small action potentials can still be 
elicited at the cathode, but those action potentials cannot propagate themselves, 
they only spread electrotonically. 

Even more convincing are the results obtained with the use of depolarizing agents. 
In the experiment illustrated by Figure 2, a 30 mm long segment of nerve was treated 
with 0.106 N potassium chloride (added to Ringer’s solution). The observations 
were begun 10 minutes after stimulation through the outside electrodes (0) had be- 
come ineffective. At each position of the movable electrodes two magnitudes of 
current were used; the weaker one initiated only a small action potential, which was 
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Nig. 2. Decremental conduction in a bullfrog sciatic nerve, with intact sheath, treated with a 
large excess of potassium ions (0.106 N KCl added to Ringer’s solution). The voltages used to 
initiate the responses in the second and fourth columns of records are given on the records. The 
distances in mm. given on the records of the first and third columns are the distances from the 
cathode of the movable electrodes (m) to the wall of the chamber. Stimuli of any magnitude de- 
livered through the outside electrodes (0) had become ineffective 10 minutes before the observa- 
tions on decremental conduction through the treated segment were begun. After outside stimula- 
tion had become ineffective the nerve was left suspended in moist air. Note that only the spikes 
in records 8, 10 and 12 have a 6 elevation. (Lorente de N6 and Catlin, unpublished. ) 


kept approximately constant throughout the experiment, while the stronger current 
initiated a nearly maximal @ spike at 0 and 4 mm from the wall and a maximal a 
response at all other points. It hardly needs be mentioned that in order to keep 
the small response nearly constant the magnitude of the weaker current had to be 


progressively increased so that it could initiate impulses large enough to be prop- 
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agated through a zone of decrement of progressively increasing length. The 
magnitudes of the small stimuli were not recorded. Those of the larger stimuli 
are given on the records. 

Since at the time when the observations were made the repolarizing flow of 
demarcation current must have kept the stimulation threshold at the wall still near 
normal, there is no reason to believe that the impulses to which the action potentials 
in records / and 2 (Fig. 2) belonged were initiated by spread of the stimulating eur- 
rent beyond the wall of the central chamber. For the sake of argument, however, 
let it be assumed that in the case of records / and 2 (Fig. 2) the impulses were 
initiated just outside the central chamber. (The assumption serves only to rein- 
force the argument that follows.) On this assumption record / gives the height 
that the electrotonic potential must have at the first recording electrode when a 
near threshold @ response is initiated just outside the central chamber after a long 
utilization time, and record 2, the height that the electrotonie potential must have 
when a nearly maximal @ response is initiated just outside the central chamber, 
after a brief utilization time. 

It will be noted in Figure 2 that, with the cathode at 4 and 8 mm from the wall, 
the small responses (records 3 and 5) appeared superposed upon electrotonic po- 
tentials which were much smaller than that in record 7, and that the near maximal 
@ response in record 4 and the maximal a response in record 6 appear superposed 
upon electrotoni¢c potentials which are not only smaller than the potential in record 
?, they are even smaller than the supposedly threshold potential in reeord 1. 
Consequently, there cannot be the slightest doubt that the responses in records 
3to 6 were initiated within the treated segment of the nerve. As to the rest of the 
responses reproduced in Figure 2 hardly a comment is necessary. The action 
potentials appear superposed upon electrotonic potentials which are either of 
negligible magnitude or entirely undetectable. The impulses, therefore, were 
initiated inside the chamber; in the case of the large currents the impulses must have 
been initiated after negligible utilization times, so that the lateney of the responses 
is vn rather accurate measure of the time of conduction through the treated segment. 

An interesting feature of decremental conduction appears in Figure 2. The 
large action potentials initiated at 0, 4, and 8 mm from the wall include only spikes 
of @ fibers because the currents used did not reach the stimulation threshold of 8 
fibers. The currents used for the rest of the large responses were strong enough to 
initiate impulses in 8 fibers. Nevertheless 3 elevations appear only in the responses 
initiated at 12, 17, and 20 mm from the wall. This result indicates that the decre- 
ment in conduction was more rapid in 8 than in a fibers. 

Owing to the peculiar manner in which a large excess of potassium ions acts upon 
the nerve fibers, after the test solution had been removed from the central chamber, 
whereby the nerve was left suspended in moist air, the intensity of the decrement in 
conduction increased progressively with advancing time. Consequently, the length 
of the segment through which impulses in q@ fibers could propagate themselves to 
reach the untreated segment of the nerve decreased progressively, from 27.5 mm 
(Fig. 2) to 20, 15, 10,and6mm._ Finally, one hour after the observations presented 
in Figure 2 had been made, conduction with decrement censed entirely. Then, it 


was found that with the cathode at less than 4 mm from the wall of the chamber large 


applied currents could still initiate impulses beyond the margin of the chamber, but 
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with the cathode at more than 4 mm from the margin no impulse could be initiated, 
not even by currents 5 times greater than that which with the untreated nerve had 
been sufficient to initiate impulses in all the A fibers. Such a result had to be ex- 
pected. In depolarized nerve the spread of the electrotonus is greatly reduced and 
consequently with the cathode at more than 4 mm from the wall of the chamber the 
electrotonic potential cannot reach threshold height at sufficient rate beyond the 
margin of the chamber.! 

It is now possible to give a satisfactory explanation of the second objection raised 
by Werigo® and Kato! ' against the classical doctrine. When using a strong 
anesthetic, Werigo found that the length of the segment of nerve enclosed in the 
narcotizing chamber had an influence upon the time needed to establish the conduc- 
tion block only when the nareotized segment was less than a certain limit length 
(4-5 mm). Werigo thought that the limit length measured the length of the 
segment of nerve through which the action currents of the blocked impulse can 
spread to initiate impulses in untreated nerve, beyond the narcotizing chamber. 
Kato found that the limit length was different for different blocking agents and 
explained it by assuming irregularities in the diffusion of the anesthetic. ' 7 

The results obtained with the techniques used for the experiments of Figures 1 
and 2 and for the experiments of Figures 3 to 6 have proved that. depending upon 
the concentration, and upon the time of action of the blocking agent, conduction 
with decrement can be demonstrated, with any blocking agent, through segments of 
nerve ranging from 0 to 20 mm with frog sciatic nerve, and ranging from 0 to 30 mm 
with bullfrog sciatic nerve or bullfrog spinal roots. (Longer segments of nerve 
with uniform diameter are not available.) 

The meaning of the limit length is therefore this. It is a length slightly greater 
than that of the segment through which with the particular blocking agent and the 
particular concentration used conduction with decrement is still possible. Clearly, 
if the limit length has been reached, to increase the length of the segment of nerve 
in the nareotizing chamber can have no influence upon the time necessary for the 
establishment of the conduction block. If Kato and co-workers had used other 
concentrations they would have observed other limit lengths, shorter or longer. 

For example, Kato'* (p. 118) reported that with the use of potassium cyanide 
(approximately 0.3 N) no influence could be detected of the length of the treated 
segment upon the time required to abolish conduction, while Wiersma?! using more 
moderate concentrations of potassium cyanide readily demonstrated decremental 
conduction. Another example, Kato'! (p. 119) reported that the limit length in the 
case of sodium-free sugar solutions is 15 mm, while if the stage of sodium-deficiency 
is sufficiently advanced decremental conduction through the treated segment ceases 
entirely. 

In the experiment illustrated by Figure 3 a nondepolarizing anesthetic (procaine) 
was used to cause the nerve fibers to conduct decremental impulses. Two amplifiers 
were used to record on the same film the passage of the impulses past electrodes 2 
and 3. At the start of the observations both spikes /-2 and /-3 were of course 


diphasie (Fig. 3, /), but during the development of the action of the anesthetic two 
changes took place (Fig. 3, 2): (a) The height of the first phase of spike /-3 
decreased, thus indicating that the magnitude of the maximal action potential at 
the cathode was being reduced, and (b) the second phase of spike /-3 decreased much 
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cord 1.5mm. trunk 


Fic. 3.— Development of decremental conduction in a bullfrog ven- 
tral spinal root treated with moderate concentrations of procaine (4 mM 
and 2 mM, added to Ringer’s solution). The arrangement of elec- 
trodes is indicated in the diagram. The whole preparation was im- 
mersed in the test solution, except during the brief periods of time 
needed for oscillographic analysis. The amplification used for the rec- 
ords obtained with the oscillograph connected to electrodes 1 and 2 
was slightly higher than that used for the records obtained with the 
oscillograph connected to electrodes 7 and 3 


more rapidly than the second phase of spike /-2. Indeed, after the anesthetic had 
acted for 24 minutes spike /-3 was almost monophasic while spike /-2 still had a 
pronounced second phase (Fig. 3, 3), which indicates that a number of impulses 
could propagate themselves through a 7 mm long segment of nerve, but not through 
a 25 mm long segment. 

When the concentration of the anesthetic was reduced the decrement in con- 
duction was relieved and both phases of spikes /-2 and /-3 became greater (lig. 
3,4to6). If the concentration of the anesthetic had been kept low the intensity of 


the decrement in conduction to which the spikes in Figure 3, 6 correspond would have 


remained practically constant for an extended period of time, but an increase 
in the concentration of the anesthetic rapidly resulted in an increase in the intensity 
of the decrement, so that again very few of those impulses which were able to 
propagate themselves past electrode 2 were able to reach electrode 3 (Pig. 3,7). To 
decrease the concentration of the anesthetic once more resulted in a relief of the 
decrement (lig. 3, 8, 9). 
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If the anesthetic is used at a sufficiently high concentration conduction with 
decrement ceases entirely and there remains only the eleetrotonic spread of the 
action potential of the impulses initiated at the cathode. Such was the case in the 
experiment illustrated by Figure 4, in which in order to. analyze the situation in 
greater detail 5 recording electrodes were used. At the time when the observations 
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Fic. 4.— Decremental Saini in bullfrog ventral spinal root treated with a concentration 
of cocaine (10 mM added to Ringer’s solution) which was sufficient, after 35 minutes of action, 
entirely to block propagation of the impulses, which were initiated at the cathode of the stimulat- 
ing current \rrangement of electrodes is indicated in the diagram. The numbers 1-2, 1-3, ete., 
indicate the pair of electrodes to which the oscillograph was connected. The whole preparation 
was immersed in the test solution 

The absence of conduction is demonstrated by the monophasicity of the spikes in records / to 
/ tecords 4 to ? illustrate the electrotonic (passive) spread of the action potential and of the 
catelectrotonic potential created by the rectangular pulse of current, which was applied through 
the stimulating electrodes (SZ. ) 

The restoration of conduction by a long-lasting anodal current, applied through the polarizing 
electrodes ( Pol.) is illustrated by records 4 to 12 and 13 to 16. The anodal current was closed at 
the times indicated by the upward pointing arrows, was kept flowing through the intervals between 
successive records (3 seconds) and was interrupted at the times indicated by the downward point- 
ing arrows. The zero potential level is constant for records 10 to 12 and 14 to 16. The diphas- 
icity of the spikes in records 11, 12 and 15, 16 proves that during anodal polarization nerve im- 
pulses became able to propagate themselves not only through a 6 but also through a 15 mm long 
segment of the root. Records 13 to 16 were obtained at a slightly lower amplification than the 
other records 
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were made the anesthetic (10 mM cocaine at pH 7.0) had reduced the height of the 
maximal action potential at the cathode (as measured by the height of the crest 
of spike 7-5) only to about 50 per cent of normal; propagation of the impulses, 
however, was prevented by a several-fold increase in the stimulation threshold. 
That propagation had ceased is clearly shown by the fact that spikes /-2, 1-3, 1-4 
and 1-5 were monophasic (Fig. 4, / to 4). The eleectrotonie spread of the un- 
conducted action potential is illustrated by the records obtained with electrodes 
1-5, 2-5, 3-5, and 4-5 (Fig. 4, 4 to 7). It will be noted that the eleetrotonie spread 
has a very rapid longitudinal decrement and that it takes place with very great 
rapidity. 

At the depth of anesthesia illustrated by the records reproduced in Figure 4 it 
can readily be shown that the spikes recorded in the neighborhood of the cathode 
actually are action potentials of unconducted nerve impulses. If a weak long- 
lasting anodal current is applied to the nerve the action potential increases in height 
and many impulses become able to propagate themselves through considerable 
distances. lor example, records 77, 12 and 14, 16 (Fig. 4) show that during anodal 
polarization spikes /-2 and /-4 became diphasic, indicating that a number of im- 
pulses had been able to propagate themselves not only beyond electrode 2 but also 
beyond electrode 4. 

The anodal current does not relieve the decrement in conduction because it in- 
creases the total value of the membrane potential. A weak short-lasting anodal 
current does not restore conduction of impulses (Fig. 4, 70, 14) and a strong short- 
lasting anodal current, which rapidly establishes a large increment in the membrane 
potential, blocks the initiation of impulses. A weak long-lasting anodal current 
restores conduction because it creates a certain polarization potential, the slow 
anelectrotonus, (cf. Lorente de N6*). The height of the slow electrotonus is ap- 
proximately equal to the vertical distance between the base lines of records 10, 
11 and 12 or 14, 15, and 16 of Figure 4. 

If the nondepolarizing anesthetic is used at a high concentration, for example 20 
mM coeaine at pH 7, the maximal action potential at the cathode decreases to about 


20-25 per cent of normal. Anodal polarization can no longer restore conduction, 


but the fact that the slow anelectrotonus collapses during the spike-like deflection 
leaves no doubt that the stimulating current has been able to initiate small nerve 
impulses. 

In the experiment illustrated by Figure 5 a spinal ventral root was treated with a 
moderate excess of potassium ions (18 mM). The development of decremental 
conduction can be followed by examining in succession records / to 9 of Figure 5. 
In principle the sequence of changes in the action potentials was the same that was 
produced by nondepolarizing anesthetics (igs. 8 and 4), but since the excess of 
potassium ions causes only a moderate increase in the threshold of stimulation a 
number of impulses could propagate themselves through a 6 mm long segment of 
nerve (note the presence of second phases in spikes /-2 of records 8 and 9 of Fig. 5), 
when the height of the maximal action potential, as measured by the height of the 
/-3 spike, was not more than one-third of normal. 

Records 5 to 9 of Figure 5 were obtained immediately after the removal of the 
test solution from the narcotizing chamber, whereby the root was left suspended 
in moist air. The other records labeled a, b, and ¢ were obtained after the indicated 
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Fic. 5.—Development of decremental conduction in a bullfrog ventral root treated with a 
moderate excess of potassium ions (14 mM KCl added to Ringer’s solution). Arrangement of 
electrodes as indicated in the diagram at the bottom of Fig. 3. At the start of the observations 
(record 1) a few fibers responded repetitively to the applied current. The amplification used for 
spikes 7-2 was slightly higher than the amplification used for spikes 1-3. Note in records 4 to 
5c, 6 to 6c, ete., the relief of the decrement during the spontaneous recoveries which took place 
when the root was kept suspended in moist air. (Lorente de N6 and Catlin, unpublished. ) 


intervals of time. It will be noted that while the root was being kept in moist air 
a’ spontaneous recovery took place. The height of the action potential, as measured 
by the height of the first phase of spike /-3 increased and the intensity of the decre- 
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ment in conduction, as measured by the second phases of spikes /-2 and 1-3, de- 
creased, which shows once more that the length of the segment of nerve through 
which the nerve impulse can propagate itself is determined by the height of its 
action potential. 

Iinally in the experiment illustrated by Figures 6a and 6b a sodium-free medium 
was used to produce decremental conduction in a desheathed bullfrog sciatic nerve. 
The records of the top row of Figures 6a and 6b were obtained immediately after the 
removal of the test solution. At that time the decrement in conduction was so 
rapid that only a few impulses could propagate themselves beyond electrode 2. 
But while the nerve was being kept in moist air a spontaneous recovery took place. 
The action potential, as measured by the height of the first phase of spike /-5 
increased progressively and at the same time conduction through an increasing 
length of nerve was restored. The same result has been obtained in other experi- 
ments by immersing the nerve for a few minutes in progressively increasing, moder- 
ate concentrations of sodium ions (10, 12, 14, and 16 mM). In general it ean be 
said that when sodium-deficient nerve is restored by progressively increasing con- 
centrations of sodium ions, to each concentration below normal (110 mM) corre- 
spond a certain subnormal height of the maximal action potential at the cathode and 
certain intensity of the decrement in conduction. 

Application to the Central Nervous System.—Before applying the doctrine of 
decremental conduction to problems of the central nervous system an important 
remark should be made. Critical consideration of the literature leads to these 
conclusions, (1) the all-or-nothing law has never been proved to be strictly valid for 
peripheral nerve and (2) there are well-established facts which are in conflict with 
the “law.” 

That in dissected single fibers graded action potentials are readily observed,** 
does not prove, of course, that the all-or-nothing law could not be valid for normal, 
undissected fibers. On the other hand, it is true that in intact nerve decremental 
conduction develops very readily; for example, Rudolph*® studying the response of 
undissected single nerve fibers found that, if the nerves have been kept in Ringer’s 
solution for some time, impulses are often observed which are extinguished during 
conduction between the recording electrodes. Nevertheless, the all-or-nothing law 
could be valid for nerves kept under more physiological conditions. 

It is clear that if the problem has to be investigated with intact nerve kept under 


physiological conditions no other method is available to investigate the validity of 
the all-or-nothing law than that underlying the experiments done by Lodholz® 
and Adrian,’ in which the magnitude of the nerve impulse in untreated nerve is 
measured by the length of the zone of decrement through which it may propagate 


itself. Moreover, the experiment must be done with the use of a blocking agent 


which does not alter the resting membrane potential, because the flow of the 
demareation current alters the properties of untreated nerve (see below, Fig. 7). 
The experiment does indeed prove that in normal nerve a single nerve impulse 
propagates itself with constant (or nearly constant) magnitude, but it does not prove 
that that impulse has the maximal magnitude, which the nerve fibers are capable 
of producing. 

As a matter of fact, it is known that during rhythmic activity at low physiological 
frequencies, normal nerve conducts impulses, which, measured by the height of 
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. 6a.—Relief of the decrement in conduction produced in a desheathed bullfrog sciatic 
nerve by immersion for 4 minutes in a sodium-free medium (Ringer’s solution in which the so- 
dium chloride was replaced by diethanol-dimethyl-ammonium chloride). Arrangement of elec- 
trodes as indicated in the diagram in Figure 6b. The relief of the decrement was obtained by 
allowing the nerve to perform in moist air a spontaneous recovery from the effect of sodium- 
deficiency 

In each row of records the intensity of the decrement in conduction is measured by the magni- 
tude and the time of appearance of the second phases of the spikes. Another sign of the spon- 
taneous recovery Was the progressive decrease in the height of the electrotonic potential produced 
by the applied current. (Sodium-deficiency increases the apparent resistance of the nerve mem- 
brane. ) 


their action potentials, have different magnitudes. For example, when a frog nerve 
kept in an atmosphere containing 5 per cent CO, is caused to conduct a train of 
impulses at the frequency 60-100 per second the action potential increases pro- 
gressively in height to reach a maximum after a certain number of impulses have 
been conducted. Thereafter, according to the frequency and to the temperature the 


height of the action potential may remain constant or may decrease somewhat (Lo- 
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ic. 66.—Continuation of Figure 6a. The decrement in conduction 
at each stage during the spontaneous recovery is measured by the height 
of the spikes in each successive row of records. Diphasicity of the 
spike indicates that impulses were able to propagate themselves past 
electrode 5. Note that in the last record (5,7) the conducting fibers 
were grouped in two volleys, the second being conducted at much lower 
speed than the first 


rente de N6,* Chapters HI and XV). The significance of the fact that the nerve 
fibers may conduct impulses of various magnitudes, may not be clear if nerve func- 
tion alone is considered. The fact, nevertheless, is quite important for the phys- 
iology of the nervous system. As has been shown by Lloyd*: 4! one of the factors 
involved in posttetanic potentiation of monosynaptic spinal reflexes is an augmenta- 
tion of the nerve impulse in the afferent nerve fibers. 

Since the nerve fibers can conduct impulses of various magnitudes there is no 
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difficulty in assuming that the same is true for the bodies and dendrites of neurons. 
As a matter of fact, there are reasons to believe that deeremental conduction 
normally takes place in the neurons. When the action potential of motoneurons 
was first recorded (Lorente de N6;*?: ** for recent literature, ef. Coombs, Curtis, 
and Eecles**) it was concluded that conduction of impulses through the body and 
dendrites differed from conduction in axons in two important respects: the wave 
length of the nerve impulse is much shorter and the speed of conduction is much 
lower than in the axon. Furthermore, during repetitive stimulation the action 
potential, in particular those deflections referable to invasion of the dendrites rapidly 
decrease in height, indicating that the impulses die out at progressively greater 
distances from the dendritic tips. This finding suggests that conduction with 
decrement takes place and that the rate of decrement is increased during the rel- 
atively refractory period, as it occurs in nerve that has been caused to conduct with 
decrement (Adrian,® Lucas’). In support of this conclusion there is a remarkable 
phenomenon discovered by Renshaw.*® The spread into motoneurons of impulses 
initiated in the axons is increased when a volley of excitatory impulses impinges 
upon the motoneurons, 1.e., excitatory synaptic stimuli decrease the decrement in 
conduction of impulses through the body and dendrites of the motoneurons. Re- 
cently, using internal microelectrodes Eccles, Libet, and Young*® have obtained 
evidence of spike-like partial responses of motoneurons which they believe to be 
due to impulses generated in dendrites, and blocked during propagation toward 
the body. 

The doctrine of decremental conduction suggests at least two mechanisms 
for the summation of excitatory impulses delivered at distant synapses. One 
mechanism is this. An impulse is initiated at a point of a dendrite by simultaneous 
activation of a group of closely neighboring synapses. The impulse is conducted 
with decrement and is extinguished before reaching the axon, but if the rate of 
decrement is decreased by subliminal synaptic excitation along the dendrite that 
impulse may reach the cell body and enter into the axon. The other mechanism 
is this. Synaptie excitatory stimuli are delivered to two branches of a dendrite. 
In each branch an impulse is initiated which is conducted with decrement. In 
isolation each impulse would be extinguished shortly after entering into the parent 
branch; but if the two impulses arrive simultaneously at the junction of the branches 
they may initiate in the parent branch a larger impulse which will travel farther. 
This impulse may also be extinguished before reaching the cell body, but if it is 
reinforced by another small impulse arriving by a dendritic collateral it may travel 
farther and eventually reach the cell body. A mechanism of this kind may be 
operative in certain peripheral, sensory nerve endings. An impulse, capable of 
propagating itself without significant decrement, will not be initiated in the parent 
axon unless several rapidly decrementing impulses have been initiated in the 
proper time sequence in preterminal branches of the axon. 

The discovery by Lloyd of the existence of volleys of impulses, which exert a 
specific inhibitory effeet upon spinal motoneurons is probably best explained by 
assuming the existence of inhibitory synapses, which may either reduce the effec- 
tiveness of excitatory stimuli or reinforce the normally existing decrement in con- 
duction. Nevertheless, inhibition may also be caused by unspecific processes, 
which result, either in a reduction of the effectiveness of summation of excitatory 
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impulses (Gasser*’) or in the disappearance of a background of subliminal excita- 
tion by internuncial bombardment (Lorente de N6**). Inhibition, as was postu- 
lated by Lucas!! may also be an especial result of decremental conduction. Lueas’ 
thought may now be paraphrased in this manner. An extinguished decremental 


impulse may block the spread of excitation by leaving after it a refractory period. 


It seems probable that some of the 
recent findings of Lindblom*® (Fig. AP 
16A) are referable to refractoriness 
left by an extinguished decremental 
impulse in branches of axons inner- 





vating touch receptors. 
Summary.—-The best manner of 
summarizing the experimental ob- 
servations on decremental conduc- 
tion in peripheral nerve is to repro- 
duce the diagrams given by Adrian® 
to interpret his own experiment 
(Fig. 7, I, II) and by Verworn‘ to 





interpret Lodholz’® experiment (Tig. 
7, Il). The diagrams have been 
modified to take into account the 
fact that depolarizing agents were 
used (ether, alcohol, an acidified 
solution of morphine hydrochloride, 
anoxia), and that therefore the flow 





of the demarcation current on the 
one hand must necessarily have 
created conditions for conduction 
with decrement in the untreated 
segments of the nerve adjacent to 
the treated segments and, on the 
other, it must have reduced the in- M 


tensity of the decrement in the noe 


neighborhoods of the margins of DP 


the treated segment. In the dia- Fic. 7.-Diagrams intended to represent in a 
aualitative fashion the distribution of the demarca- 
: : ; tion potential (D. P.) and the decrement during 
propagating action potential has conduction of the height of the action potential 
(A. P.) when segments of the nerve have been 
é ; J ae treated with depolarizing agents (1, II, II1) or with 
the axis of abscissae. The crest 4 nondepolarizing blocking agent (IV). o—cathode 
height of the action potential at the of the outside stimulating electrodes. 1,2-cathodes 

. ¥ : of inside stimulating electrodes. M muscle or re- 
cathode is left undetermined be- cording instrument 








grams the crest height of the self- 


been plotted using the nerve itself as 


cause since this action potential 
appears superposed upon the catelectrotonic potential created by the applied current 
the exact measurement of its crest height is fraught with unsurmountable dif- 
ficulties. 

In the case considered in diagram I the impulse must pass through a long zone of 
decrement A before reaching the muscle (or the oscillograph). The impulse begins 
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to decrement in height before reaching the central margin of the treated segment, 
and within this segment it undergoes a more intense decrement so that it is ex- 
tinguished before reaching the peripheral margin. No muscle contraction is ob- 
served. 

In the case of diagram II, the impulse has to pass through two short zones of 
decrement, B and C the sum of the two lengths B and C being equal to the length 
A. The impulse undergoes a decrement in segment B but it begins to increase in 
height before reaching the peripheral margin of B, because the demarcation currents 
exert a repolarizing action upon the B segment. After crossing through the pe- 
ripheral margin of B the impulse rapidly grows in size, but it cannot reach full size 
because in the untreated segment, between B and C, the demareation currents 
exert a depolarizing action. In segment C the impulse decrements more rapidly 
than in B, because it reaches the central margin of C with a smaller magnitude; 
nevertheless, it reaches the peripheral margin of C with magnitude sufficient to 
propagate itself into the untreated segment, where eventually it reaches full magni- 
tude. A muscle contraction is observed. 

In the case of diagram III an impulse initiated at cathode o is extinguished be- 
fore reaching the peripheral margin of the treated segment. A small impulse 
initiated at cathode 7 by a small stimulus also is extinguished within the treated 
segment, but a larger impulse initiated at 7 by a strong stimulus or a small impulse 
initiated at 2 is able to propagate itself into the untreated segment and eventually 
to reach full height. 

Diagram IV is diagram III as it applies to the case in which the zone of decre- 
ment has been created by means of an agent which does not alter the value of the 
resting membrane potential (sodium-deficient solutions or nondepolarizing anes- 
thetics). Since no demarcation current flows, except for the negligible effect of the 
concentration gradients present inside the walls of the narcotizing chamber, the 
transition from decrementless to decremental conduction at the central margin of 
the treated segment is abrupt, and so is the transition from decremental to decre- 
mentless conduction at the peripheral margin. 

At the time of Adrian’s®: 7 and Lodholz’® writings the depolarizing action of the 
blocking agents that they used was not known and therefore the theoretical argu- 
ments concerning the validity of the all-or-nothing law were based on the concepts 
embodied in diagram IV (Fig. 7), while the actual experimental situations were 
represented by diagrams I to IIT (Fig. 7). Those situations afford conclusive proof 
only of one fact, namely that decremental conduction through the treated segments 
takes place. Not even the situation illustrated by diagram IV can lead to a proof 
of the strict validity of the all-or-nothing law for peripheral nerve kept under 
physiological conditions. All that the experiment can prove is that during con- 
duction along the nerve the impulse keeps a magnitude, which is constant within 
the rather wide limits allowed by the low accuracy of the measurements that can 
be made with present-day techniques. 

Evidence has been mentioned that decremental conduction of impulses in the 
bodies and dendrites of the neurons is a normally occurring phenomenon, and it has 
been suggested that decremental conduction supplies mechanisms for the accom- 


plishment of the integrative role of the neuron. 
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* Present address: Seton Hall College of Medicine and Dentistry, Department of Pharma- 
cology, Jersey City, New Jersey. 

+ The diagram at the bottom of Figure 2 illustrates the classical technique, except for a detail, 
an oscillograph instead of a muscle was used as indicator of the effectiveness of stimula- 
tion through the outside electrodes (0) or inside electrodes (m). 

t It should be emphasized that the technique of dissecting single nerve fibers from a nerve 
trunk introduces a serious artifact. The nerve fibers undergo far-reaching changes in properties 
during the dissection. For example, Kato and Tasaki*! (pp. 76 and 99) found that 0.005 to 0.01 
per cent cocaine (approximately 0.15 to 0.3 mM) almost instantly suppresses the ability of the 
nodes to produce action potentials, while, as has been repeatedly demonstrated in this laboratory, 
cocaine at those concentrations, acting upon spinal roots or desheathed sciatic trunks for extended 
periods of time (60 to 120 min) does not block conduction by any fiber. It only produces a slight 
rise in the threshold of stimulation and a slight reduction in the speed of conduction. At a much 
higher concentration, 25 mM, cocaine blocks conduction in all the fibers of spinal roots within 
less than 5 min, but the nerve fibers retain the ability to produce unconducted action potentials 
at least for 100 min. 

§ In view of the observations reported by Tasaki*‘ (p. 101) on decrementless conduction in 
narcotized, desheathed nerve trunks, especial emphasis has been placed in this laboratory on the 
study of decremental conduction in desheathed sciatic trunks. The demonstration of decre- 
mental conduction with desheathed sciatic nerves is even easier than the demonstration with spinal 
roots, which have no external sheath, or with nerve trunks with intact sheath. Figs. 6a and 65 
illustrate decremental conduction in a desheathed sciatic nerve. Similar results have been ob- 
tained with the use of ethylurethane or of any of the various depressant agents mentioned in the 
text. In the experiments reported by Tasaki the concentration of the anesthetic was so high 
that the limit length was less than 4-6 mm. With the use of weaker concentrations it is found 
that the limit length for decremental conduction of single impulses may be as long as 30 mm., and 
with the use of still lower concentrations it is found that only after the decrement has been intensi- 
fied by a succession of refractory periods do impulses become extinguished within a 30 mm. long 
segment of nerve (Wedensky inhibition phenomenon). 

} In a number of experiments reported by Kato'*: © measurements of the latency of the muscle 
contraction seemed to indicate that the applied current may spread so far as to initiate impulses 
at points 20-30 mm. ahead of the cathode. Such spreads of current are referable to instrumental 
artifacts, which were called escape of current, or, in German, Stromschleifen, by the classical 
authors. Although the nature of the artifact was not understood at that time, it was well known 
that the artifact appears only when the stimulating shock is increased beyond a certain limit, 
which lies very far above the magnitudes of the shocks that were used in experiments on decre- 
mental conduction (ef. discussions of the problem by Lodholz* and Fréhlich'*). The very fact, 


emphasized by Szpilman and Luchsinger! and by Dendrinos,* that in the experiments done with 


the classical technique outside stimulation and later inside stimulation became ineffective clearly 
shows that escape of current did not play a significant role in the classical experiments. 

At present, stimulation by escape of current is known to be the result of capacitative coupling 
of the stimulating and recording circuits. The artifact can be minimized by reducing to low 
values all the capacities to ground in the experimental setup. Stimulation by escape of current 
can be entirely prevented by grounding the cathode of the stimulating circuit and recording the 
action potentials with a differential amplifier. The input capacities of the amplifier still cause a 
certain escape of current, which is responsible for the so-called shock artifacts, but the escape is 
far too small ever to initiate impulses at the first recording electrode. 
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ECOSYSTEM* 
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Communicated by G. Evelyn Hutchinson, February 16, 1959 


Very frequently the autotrophic and heterotrophic components of an ecosystem 
are partially separated in space in that they are stratified one above the other 
(vegetation-soil on land, phytoplankton-sediments in water). Also, the basic 
functions are usually partially separated in time in that there may be a considerable 
delay in the heterotrophic utilization of a large portion of the net production of 
autotrophic organisms. Consequently, between the first and second trophic levels 
the energy flow of the community is often divided into two broad streams resulting 
in two types of primary consumption: (1) direct and immediate utilization of 
living plant tissues by herbivores and plant parasites, and (2) delayed utilization 
of dead tissues and stored food by other consumers. In most ecosystems many 
species of primary consumers rely exclusively on one or the other types of food 
source while other species utilize both, or shift from one to the other seasonally. 

In addition to the problem of time-lag in utilization, one of the difficulties in 
developing a satisfactory comparative population ecology of heterotrophs is the 
fact that different species, and also life history stages of the same species, associated 
together in a given area of the earth’s surface differ greatly in size and rate of 
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metabolism. In general, numbers tend to overemphasize and biomass to under- 
emphasize the importance of small organisms in the community, while the reverse 
tends to be true with large organisms. However, if changes in numbers and 
biomass can be integrated and the population energy flow determined, then quite 
diverse populations may be compared in so far as their true impact on the com- 
munity is concerned. While the general pattern of community metabolism has 
been worked out for a number of ecosystems,!: ? energy flow at the population leve! 
has as yet received very little attention. At the Sapelo Marine Institute a con- 
certed effort by several investigators is being made to work out the details of 
energy flow in tidal marshes 
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Fic. 1.—Numbers, biomass (dry weight), and energy ; 
flow per square meter in a population of salt marsh grass-  7rrorata, lives on the surface of 
hoppers (Orchelimum fidicinium) living in the low Spartina 
marsh, Sapelo Island, Georgia. 


per year. The snail, Littorina 


the sediments and on the 
stems of marsh grass (espe- 
cially dead stems); it is a detritus-aufwuchs feeder and is abundant in the high 
marsh where Spartina is dwarfed (one-half meter tall or less). 

Details of methods and the tabular data are presented elsewhere.*® Briefly, the 
procedures were as follows: The numbers and biomass per square meter were 
determined at frequent intervals (every 3-4 days for the rapidly changing grass- 
hopper population and monthly for the more stable snail population). From 
these data, the population growth, or production, was determined by adding the 
increase in weight of survivors to the growth of individuals which died during the 
census interval, Production was then converted to Calories/M?/day. Oxygen 
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consumption (respiration) of different age or size groups in relation to temperature 
was then determined in the laboratory. From these data population respiration 
of the average standing crop during each interval was calculated and adjusted 
to the actual temperature of the natural environment. Oxygen consumption was 
converted to Calories by means of an oxyealorie coefficient.4 The total population 
assimilation rate, or energy flow, was then obtained by adding production to 
respiration. 

The annual cycles of numbers, biomass (as dry weight, not including shell of 
the snail), and energy flow of the grasshopper and snail populations are shown in 
Figures | and 2. Numbers of grasshoppers were at a peak in late May, when 
numerous small nymphs hatched out from overwintering eggs, and then declined 
rapidly during the season. Two periods of heavy mortality were followed by ac- 
celerated growth of survivors, and also by a small amount of recruitment (new eggs 
hatching in early summer, immigration in late summer). A definite homeostasis or 


self-adjustment in the population was evident since energy flow fluctuated only 2- 


fold while numbers and biomass varied 5- to 6-fold. Since metabolism-per-gram 
of small nymphs was several times greater than that of adults, the high number but 
small biomass population of spring was about equal to the low number but large 
biomass population of late summer. Note also that the peak in energy flow (and 
hence the time of greatest consumption of marsh grass) did not correspond with 
either maximum numbers or maximum biomass (although more nearly with the 
latter than the former), but occurred when the population was composed of a 
medium number of medium-sized nymphs all growing rapidly. 

The snail population comprised two distinct components, small young snails with 
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Fig. 2..-Numbers, biomass (dry weight, not including shell), 
and energy flow per square meter in a population of periwinkle 
snails (Littorina trrorata) living in the high Spartina marsh, Sapelo 
Island, Georgia. 
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a shell length of 1-6 mm, and large adults with a shell length of 16-21 mm; in- 
dividuals of intermediate size were scarce. The young snails were growing but 
suffering heavy mortality while the adult group was characterized by little or no 
growth and a low mortality rate. During 1956 the young snail component was 
dominated by the very large 1955 year class recruited from the plankton in the 
autumn of that year. The 1956 year class was very small producing only a tem- 

porary increase in density of 
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ORCHELIMUM biomass and low survival. 
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cally, dominated by the stable 
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Fig. 3.—Comparison of the annual pattern of energy 
flow in Littorina and Orchelimum populations in relation to 
certain potential food sources. Net production of Spartina ture, assimilation being greater 
in the low marsh is the sole source of food energy for 
Orchelimum while the disintegration of dead Spartina 
through the entire marsh and the subsequent transport of | (rig. 2). Only about 10 per 
detritus (including associated microflora) to the high marsh cent of the annual total energy 


provides one potential food source for Littorina. ; 
flow of the snail population 


largely regulated by tempera- 


during the warmer months 


was production (i.e., 90 per cent was respiration) while more than a third of the 
grasshopper energy utilization was production. 

In Figure 3 the broad annual patterns of energy flow of the grasshopper and the 
snail populations are compared. Shown also are measurements of net production 
of the low marsh Spartina on which the grasshopper feeds, and our preliminary 
estimate of the rate of formation of Spartina detritus which comprises at least a 
part of the food of the snail population. Actually we do not have a good estimate 





VoL. 45, 1959 ZOOLOGY: ODUM AND SMALLEY 621 


of detritus “‘production,” but the rate of disappearance of dead grass from quadrats 
may provide a rough estimate—probably an overestimate since some decomposed 
grass is undoubtedly lost to estuaries and deeper sediments. The point to empha- 
size is that detritus is produced more or less continually throughout the year; 
more dead grass is present in the colder months, but this is counterbalanced by the 
more rapid decomposition during the warmer months.® Littorina undoubtedly also 
consumes algae and other aufwuchs; the proportion of different food items actually 
utilized in nature is unknown. Pomeroy® has shown that net production of ‘‘mud 
algae’ (algae living on and in the soft sediments alternately exposed and covered 
by tides), while not as great as that of marsh grass, makes a major contribution to 
the total primary productivity of the salt marsh ecosystem. The rate proved to be 
almost constant the year around with production occurring in summer chiefly 
when the sediments are covered by the high tide, and in winter when the sediments 
are exposed and quickly warmed by the sun. Consequently, Littorina has a more 
or less constant supply of both detritus and algae available throughout the year. 
It is evident from Figures 1-3 that the population structure of both Littorina and 
Orchelimum is such that the pattern of population energy flow of each species is well 
adjusted to the utilization of the particular sources of food potentially available to 
each population. 

Certain ratios or “ecological efficiencies”’ based on the total annual energy flow are 
shown in Table 1. Ingestion was estimated by adding the calorie value of feces to 
assimilation. The most rapidly growing segment of the Littorina population (the 
1955 year class) proved to have a higher assimilation efficiency but a lower growth 
efficiency as compared with Orchelimum. If all the snails in the population are 
considered the growth efficiency is even lower. Thus, the slow-growing, long-lived 
snails apparently assimilate a considerable part of ingested food but use a relatively 
small amount of the assimilated matter for growth. In contrast, the grasshoppers 
which emerge, grow and die within a short period—assimilate a smaller percentage 
of ingested food but convert nearly 40 per cent of the assimilated material into 


protoplasm. 


TABLE 1 


EcoLoGicaAL EFFICIENCIES OF Littorina (1955 YEAR CLAss ONLY) AND 
Orchelimum POPULATIONS ON AN ANNUAL Basis 
Assimilation Efficiency Growth Efficiency 
Assimilation/Ingestion, “% Production’ Assimilation, “% 
Littorina 15 14 


Orchelimum 36 od 


A high population growth efficiency would presumedly be of survival value for a 


population which depends on a seasonal ‘‘bloom’’ of primary production, whereas 


a high assimilation efficiency would presumedly benefit a population whose food is 
produced at a lower but more continuous rate. Whether an increase in assimila- 
tion efficiency tends to result in a decrease in growth efficiency (and vice versa) 
is, as yet, an unanswered question. 

The total annual energy flow of the grasshopper population was estimated to 
be about 28 kg. calories per square meter per year. During the summer the popu- 
lation assimilated less than | per cent of the net production of grass, but ingested three 
times as much, that is, about 84 Calories or 21 gm. dry weight of grass (4 Calories 
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gm.) per square meter. The nonassimilated material (feces) does not change tro- 
phic levels but is available to other primary consumers such as bacteria or detritus 
feeders. The annual energy flow of the snail population was estimated to be 
about 290 Calories/M?/year, but during the summer the average standing crop of 
700 snails/M? assimilated only about twice as much as the average population of 
10-20 grasshoppers/ M? (Fig. 3). While it would appear that both populations 
utilize only a small percentage of the total net primary production of the eco- 
system it should not be assumed that food is nonlimiting. The maximum portion 
of the net production which is actually available to the populations has not yet 
been determined, nor has the utilization of competing primary consumers been 
considered. The fact that growth rate per individual in snails declined with in- 
creasing density in the field suggests that the rate at which nourishment can be in- 
gested and assimilated on a square meter of marsh is not unlimited. 

It is evident that populations which differ greatly in life history characteristics, 
age structure, and metabolie rate cannot be compared on the basis of numbers and 
biomass (i.e., “standing crop’’) alone. However, through the common denomi- 
nator of energy flow valid comparisons can be made, and the true role of the popu- 
lations in the community can be evaluated. Energy flow analysis is the logical first 
step in finding out how populations really function in nature. 
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THE DIFFERENCE BETWEEN SPONTANEOUS AND 
BASE-ANALOGUE INDUCED MUTATIONS OF PHAGE T4 
By Ernst I REESE* 

BIOLOGICAL LABORATORIES, HARVARD UNIVERSITY 


Communicated by Ernst Mayr, February 24, 1959 


This paper describes studies about the induction of reverse mutations by two 
base analogues, 2-aminopurine (AP)! and 5-bromo-deoxyuridine (BD). It) will 
be shown that mutants of phage T4 induced by these base analogues in the forward 
direction can also be induced to revert. In contrast, proflavine induced and most 


spontaneous mutants cannot be induced to revert by these base analogues, although 
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they revert spontaneously. Superimposed on this fundamental difference between 
base analogue inducible and noninducible mutations is a further difference in the 
relative effect of AP and BD. A further examination of spontaneous and induced 
revertants indicates that most arise by a back mutation to the standard genotype. 
A molecular explanation of these results is possible, and provides a better under- 
standing of spontaneous mutations. 


MATERIALS 


Phages—-All mutants examined for the induction of revertants have the rll 
phenotype; i.e., they lack the function necessary for phage growth in bacteria K, 
and they form r-plaques on bacteria B. Their mutations are located in the rII re- 
gion of the phage T4 genome; their isolation and genetic properties have been de- 
cribed previously.?~‘ 

Bacteria, broth, and synthetic medium, see reference 3. 

H-Medium, synthetic medium, plus 20 ug/ml histidine, plus 0.25 ug/ml thiamine. 

F10 Medium, per liter H-medium 20 mg L-glycine, 20 mg L-methionine, 10 mg 
L-leucine, 10 mg L-valine, 10 mg L-serine, 10 mg adenine sulfate, 10 mg guanine 
sulfate, 10 mg uracil, 0.2 mg Ca pantothenate, 0.2 mg pyridoxine, 10 ug Vitamine 
B12. 

Aminopterin (gift of R. B. Angier, American Cyanamid Company). 

2-Aminopurine and 5-bromodeoxyuridine, Sigma Chemical Company. For spot 


tests, solutions in broth of 10 mg/ml and 5 mg/ml, respectively, were used. 


RESULTS 


Reversion Rates in Liquid Medium.—Revertants of rll-type mutants can be 
detected, selectively, when the phages of an rll-type stock are plated on bacteria 
KX. In most cases plaques are of the wild phenotype; exceptions will be discussed 
later. For a quantitative measurement of reversion rates, it is best to prepare 
lysates from a small inoculum of given number (e.g., 100 phages). The introduction 
of a revertant, already present in the previous stock, is then rare, and can easily 
be detected by an exceptionally large proportion of revertants in the lysate, when 


compared to parallel cultures. Fluctuations in the proportion of revertants also 


arise because the corresponding mutations may occur early or late in phage growth, 
and the revertants can multiply after their formation. An unusually great fluetua- 
tion of this kind will be called a ‘jackpot.’ The average ratio of revertants to 
viable phages (assayed on B), for stocks grown from an inoculum of 100 phages, 
is called the reversion index. 

The induction of revertants is measured by comparing the reversion index of phage 


stocks grown in the presence and absence of the mutagen. 


The following procedure was used for the measurement of reversion indices with and without 
induction by AP and BD: 400 phages (in synthetic medium) were added to 20 ml. of the growth 
medium, containing 108/ml bacteria. The content was immediately equidistributed, to 4 test 
tubes. The tubes were incubated at 37°C for 24 hr, with occasional shaking; chloroform was 
then added. The lysates were plated on B and K to determine the phage titer and the frequency 
of revertants 

For the induction by AP, bacteria B-97 grown in H medium + 30 ug/ml adenine were added to 


H medium + l5ug/ml adenine + 500 we/ml AP 
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For the corresponding control, the same medium without AP was used. 

For the induction by BD, bacteria B grown in F 10 + 20 ug/ml thymine were added to F 10 + 
ug/ml thymine + 50 ug/ml aminopterin + 50 ug/ml BD. 

For the corresponding control the same medium was used, containing 50 ug/ml thymidine in 
the place of BD. The thymidine addition was found necessary since the phage titer otherwise 
decreased instead of increasing, although the bacteria continued to grow. This shows both the 
strong inhibition of thymine production by aminopterin and the ability of BD to serve as growth 


factor in the place of thymidine. 


TABLE 1 
REVERSION INDEX AFTER PHAGE GROWTH WITH AND WitHoutT BASE ANALOGUES 
Reversion Index Ratio, Reversion Index Ratio 
Without with/without Without with/without 
Mutant With AP AP P With BD BD BD 
Spontaneous rill 1,511 265 5 301 
0.49 29 
0 3 
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AP induced AP12 ‘ 220 & 3 680 
+: i = ti 
AP6I 86 ) 540 7 O05 940 
AP72 74 O55 370 3,070 15 20, 000 
AP 133 198 5.5 36 5, 130 15 340 
AP 156 1.2 0.006 700 23.1 0.002 11,500 
The table gives the reversion index, averaged (arithmetically) over parallel stocks, in units 10-6. The fluctuations 
from stock to stock are usually in the range of a factor of 5. Excessive fluctuations (jackpots) have not been used 
for determining the average. The ratio of the reversion index with and without the mutagen is given in the columns 
‘ratio.’ Che spontaneous reversion index of mutant N101 is so low that its absolute number could not be deter- 
mined and only a limiting value can be given, according to the number of phages plated. For the determination 
of the ratio with/without base analogue the K//B value 0.001 has been used in this case for both AP and BD. The 
mutants AP12, AP133, and N34 are exceptional in giving rise to two kinds of spontaneous revertants, which on K 
produce wild (w) and tiny (ti) plaques, respectively 


A typical example for the resulfs obtained is given in Table 1. The table in- 
cludes one mutant for each site of high mutability (“hot spot’’)? and some others of 
special interest. 

The reversion indices of the controls obtained in the AP-less and the BD-less 
media agree quite well, considering the fluetuations in individual stocks. 

The increase of the average reversion index, due to the presence of AP or BD in 
the medium, varied with the mutant and the base analogue used. AP had the 
largest effect, and increased the reversion index of N12 and NIOL by a factor of 
about 10°. For some mutants the effeet of AP was larger than that of BD; in 
other cases the reverse was observed. 

Five of the spontaneous mutants, belonging to five spontaneous hot spots,’ 
showed a small increase of reversion index with AP, and nearly no increase with BD. 
This effect, however, is so much smaller than the mutagenic effect observed for 
other mutants that it appears to reflect only the seleetive action of AP and BD upon 
phage multiplication. AP has indeed been found* to suppress lysis inhibition; 


it may therefore suppress the slight selection against revertants, which is caused by 
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lysis inhibition during the phage growth in several bacterial cycles. The absence of 
reversion induction for these spontaneous mutants is furthermore shown by the 
negative result of spot tests (see later). 

The spontaneous mutant 7 215 has been included in this list because it con- 
stitutes an exception among the spontaneous mutants, as will be seen later. Its 
spontaneous reversion index is exceptionally small (as compared to other spontane- 
ous mutants), and both AP and BD increase the index by a factor of about 500. 

Of special interest is mutant N34 which spontaneously gives rise to some re- 
vertants of standard phenotype (w-plaques) and many “partial revertants” of 
tiny phenotype (ti-plaques). During growth in AP (and less efficiently in BD) 
the frequency of standard type revertants increases 1000-fold while the frequeney 
of partial revertants does not change significantly. 

Spot Test for the Induction of Reversions..-The measurement of reversion rates in 
liquid medium is accurate but cumbersome, since several parallel cultures must be 
grown. <A qualitative decision, however, for the presence or absence of reversion 
induction can be obtained for each mutant by means of a simple spot test.®. 


In this test different numbers of phages (around 2 < 107) are plated on cold T plates together 
with a mixture of about 2 X 10° bacteria K and 2 x 107 B. The addition of B enables some of 
the rIl-type phages to multiply and undergo mutations. When all bacteria B are lysed, only the 
revertants continue to multiply in K and give rise to plaques. The conditions applied seem to be 
optimal for the detection of small mutagenic effects by AP and BD; high mutagenic effects ean 
also be detected when less bacteria B are added. A small drop containing 10 mg/ml AP was 
placed on one side of the plate and another drop containing 5 mg/ml BD on the opposite side. 
The plates were immediately placed in the cold for 2 hr in order to permit a slight diffusion of the 
base analogues. This cold storage is not necessary for high but useful for small inductions by 
BD, since the diffusion produces a gradient of BD concentration. Phage growth is inhibited in 
the center of the BD spot but at the rim mutations are expressed by many plaques. After sub- 
sequent incubation in 37°C the plates were inspected. The induction of mutations showed up by 
a large increase of plaques in the region of the spotted base analogue. In general, AP was more 
efficiently mutagenic than BD. 

Besides being simple the spot test has additional advantages. Instead of comparing the rever- 
sion rates of different growth tubes one observes on the same plate the induction of reversions above 
the spontaneous rate and directly compares the relative effect of AP and BD. The problem of 
jackpots is eliminated, since each revertant which arises early enough in phage growth gives rise 
to one and only one plaque. Moreover the number of plaques cannot increase when the base 
analogue merely affects the degree of lysis inhibition or otherwise preferentially inhibits the 
development of certain phages; each plated phage revertant can produce only one plaque. 

The spot test is quite sensitive, as shown by a comparison to the quantitative measurements in 
liquid medium. It rarely fails and then only for weak induction (1) when the induced reversion 
index is very small, (2) when the mutant is rather leaky, (3) when in addition to rare inducible 
reversions another (tiny) type of frequent noninducible reversions is produced (as for the mutants 
of site N 34). This rare failure (mostly for BD induction) does not affect our analysis since for all 
mutants found base analogue inducible, at least one of the two base analogues causes a strong, 
easily detectable mutagenic effect. Only very rarely can base analogue induction have escaped 


detection. 


Using this spot test the induction of reversions was determined for all available 


mutants of the rll-type. For each mutant the test was repeated several times, 
varying also the number of phages plated. The result for spontaneous, AP, and 
BD induced mutants is given in Figure 1, and summarized in Table 2. 

Most striking is the difference between spontaneous and base analogue induced 
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Fic. 1.—-Genetic map of the rII region of phage T4 showing the approximate location of 
mutations for independently isolated rIl-type mutants. Mutations induced in 5 different experi 
ments are sketched on 5 different horizontal lines. 


First horizontal line: spontaneous mutations (7) (see Benzer and Freese?) . 

Second horizontal line: mutations (.V) arising under the action of BD plus 4X as much thymidine 
see Freese 

Third horizontal line: mutations (.V) arising under the action of BU.? 

Fourth horizontal line: mutations (AP) arising under the action of AP in bacteria B-97.° 

Fifth horizontal line: mutations (AP) arising under the action of AP in bacteria B-96.4 


Mutants for which no recombination has been found are stacked at the same site of the drawing, 
all others are horizontally displaced. This map is identical with the one given in an earlier publi- 


mutants. While most of the spontaneous mutants did not show any increase in 
revertants with either AP or BD, most of the mutants induced by base analogues 
could also be induced to revert by one or both of the analogues. This mutual 


exclusion must correspond to a fundamental difference in the mutagenic mechanism. 
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cation® but this time the shading of each box indicates the reversion inducibility by AP and BD 
found in spot lests 


Nonreverting. 

teverts spontaneously, 
teverts spontaneously , 
feverts spontaneously, 
teverts spontaneously, 


Reverts spontaneously, 
observed in spot tests. 


teverts spontaneously 


but reversion is not induced by either AP or BD. 


reversion is strongly inducible by AP and weakly by 


BD. 


reversion is strongly inducible by BD and weakly by AP. 


reversion is about equally inducible by AP and BD. 


reversion is inducible by AP while no BD induction could be 


Induction of reversions has not been tested 


Some exceptions to the general rule are found among the spontaneous mutants, 


showing that some spontaneous mutations are produced by a mechanism akin to 


that responsible for the induction of mutations by our base analogues. 


One of the 


exceptions is mutant 7215 which was included in Table 1 of liquid culture tests. 
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TABLE 2 
SUMMARY OF THE Spor Tests 
Reverting Mutants 


Which Arose in Total Inducible Noninducible 
the Presence of Number Number // Number 


BD + 4X thymidine 100 80 80 20 2( 
BU 64 61 95 3 i 
AP 9S 96 98 2 y 
Spontaneously 110 15 14 95 86 
Proflavine 55 1 2 54 98 
All untested spontaneous, proflavine, and BU induced mutants are here included which have the same 


genetic location and spontaneous reversion index as a mutant tested for reversion induction. They are 
assumed to be reversion inducible or noninducible according to the mutant tested. 


A small number of the V- and AP-mutants, which arose in the presence of BU 
(or BD) and AP, respectively, could not be induced to revert by either AP or BD. 
All of them may belong to the small background of spontaneous mutants among the 
induced ones. This becomes especially clear when those V-mutants are inspected 
which arose under the action of 50 ug/ml BD and 200 ug/ml thymidine (second 
horizontal line in Fig. 1). In this case the comparison of the mutagenic effeet with 
and without BD had shown*® that 10 to 20 per cent of these mutants must be of 
spontaneous origin. Several of these mutants had been found, indeed, to coincide 
genetically with some of the spontaneous hot spots; this agrees entirely with the 
induction test for revertants, since all these mutants could not be induced to revert, 
and therefore behave like spontaneous mutants even in this respect. (This observa- 
tion also shows that probably most or all nontested mutants of a particular genetic 
location behave with respect to reversion induction, like the one mutant tested pro- 
vided they have the same spontaneous reversion index.) 

No mutant could be induced to revert which cannot revert spontaneously. 

Mutants induced by BU tend to be much more inducible to revert by AP than 
by BD, and mutants induced by AP tend to be more inducible by BD than by AP. 

Table 2 contains also the results of spot tests for proflavine induced mutants 
(mutants of Brenner, Benzer, and Barnett‘). Forty genetically different mutants 
were tested and only one, a single occurrence, was inducible to revert by AP and 
BD. 

Further Examination of Revertants.-A plaque appearing when phages of an rIT- 
type stock are plated with bacteria K can be due to four different reasons: 

(1) A“baek mutation” to the standard genotype of the rll region. 

(2) A “partial reversion” that is a mutation within the rll region to another, 
fully or partially functional, genotype. 

(3) A “suppressor mutation” at another than the rII locus. 

(4) Leakiness, i.e., ability of the mutants to grow slightly on K so that there is a 
chance for a plaque to form. Such leaky mutants have not been examined here. 

We want to show that most of the rIl-type mutants can revert only by back 
mutations; some ean, in addition, undergo a partial reversion, while suppressor 
mutations do not occur. 

As a first examination, several plaques on K are picked and replated on B and K. 
55 mutants were examined in this way (21 of them noninducible, 34 inducible; 
most belonging to different genetic sites). Of the inducible mutants, both spon- 
taneous and induced revertants were analyzed. The results are given in Table 3. 
It is apparent that most mutants give rise to revertants of standard phenotype 
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TABLE 3 
SUMMARY OF THE EXAMINATION OF SPONTANEOUS AND INDUCED REVE RTANTS WITH RESPECT 
PLAQUE TyPE ON Bacrerta B AND K 
Spontaneous Isolated and Reversions Induced by and Revertants Replated 
Mutants *‘Revertants”’ Replated AP BD 
Tested on K No. On B On K No. On B On K No. OnB OnkK 
21 Base analogue 20 w 
noninducible 
(17r, 4N) 1 mixed 
34 Base analogue 26w 
inducible 
(8r, 14N, 12AP) iw 
5 <and 
ul r, ul 
3 mixed . ti, I 
l rw w,ti 
The mutants are divided into base analogue noninducible and inducible ones (two horizontal parts). For the 
inducible mutants the result of spontaneous, AP, and BD induced revertants are given separately; they show that 
both spontaneous and induced revertants are of the same phenotype. Plaques on K are called ‘‘mixed’’ when 
their sizes vary between tiny (ti) and wild (w) and a clear distinction of two types was not possible. In contrast, 
for 5 base analogue inducible mutants such a distinction was possible and only revertants of the wild type were 
found inducible (this class includes mutants of site V 34) 


with respect to plating on both B and K. Induction increases the proportion of 
these revertants and does not produce any new kind. 

Sometimes even a back mutation may not restore phages of the standard phenotype, if the 
rIl-type mutant was in reality a double mutant. These cases are rare, since none of our mutants 
carry two observable mutations in the rII region or an additional mutation at the rI locus; 
undetected double mutants may be of the type rll rIII or rII minute. 

A small number of induced mutants (e.g., mutants at genetic site N 34) yield some wild type 
plaques and about 100 times more tiny plaques on K. Isolating and replating the content of the 
wild type plaques gives again wild type plaques on B and K, while the content of tiny plaques 
gives r or tiny plaques on B and tiny plaques on Kk. 

Also some other mutants seem to give rise to the two kinds of plaques on K. But they vary 
more in size between tiny and wild type, and cannot be easily classified. This includes the mu- 
tants of hot spot AP 12 and AP 133, which are contained in Table 3; 5 more mutants of site 
AP 12 were tested with the same result. The revertants of one plaque either produce all wild 
type plaques on both B and K, or all r-(or large wild) type plaques on B and wild type (or tiny) 
plaques on K. The partial reversion may in this case be nearly as efficient (on K but not on B) 


as the standard genotype. 


In order to decide whether revertants are due to mutations in the rIl region or 
to suppressor mutations, 20 revertants were backcrossed to standard type phages 
(all of them had standard phenotype, 5 arose spontaneously, 6 induced by BD, and 
9 induced by AP). In all cases, the frequency of r-type phages in the progeny 
of a cross (mutiplicity 4 each) was not larger than that expected from the frequency 
of spontaneous r mutants present in the stocks used. The numbers were such that 
the reverse mutation must have occurred within the rII region, less than 0.2 per 
cent recombination units distant from the original mutation. (Nore. The ex- 
tent of the rII region is about 8 per cent recombination units. ) 

Suppressor mutations are very unlikely also in all the other cases; for, several 
rll mutants have never been observed to revert (no revertant in at least 10!” 


phages), spontaneously or by induction; genetic evidence shows that in some of 


these mutants the mutation cannot extend over more than a very short region of the 
genome. 

A last argument comes from our results about induction of reversion. Suppressor 
mutations being excluded, we expect that each rll-type mutant which can revert 
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at all can “back mutate,” spontaneously or at least under some of the mutagenic 
treatments. Whether it can also partially revert by another mutation depends on 
the particular site and mutation in question. If these partial reversions at other 
sites, or at the same site by another mutation, could occur for most, or all, rIl-type 
mutants, it would be difficult to understand why these mutations cannot be induced 
by base analogues for many of the spontaneous and proflavine induced mutants. 
(Note that the noninducible mutants do not constitute only one class of higher 
specificity since they comprise spontaneously high and low reverting mutants, hot 
spot and nonhot-spot mutants. ) 

We therefore conclude that most rll-type mutants revert, in detectable fre- 


quency, only by back mutations. 


DISCUSSION 


The difference between reverting mutants inducible and noninducible by our 
base analogues is so drastic that it seems to reveal two kinds of fundamentally dif- 
ferent mutagenic effects: (1) a mutagenic effect by which our base analogues in- 
duce forward mutations and their reversions, and (2) a mutagenic effect which is 
responsible for the formation and reversion of those mutants which cannot be in- 
duced to revert. by our base analogues. Proflavine induces mutations of the second 
kind. Since about 10 per cent of the spontaneous mutants can be induced to revert 
and about 90 per cent cannot, we assume that 10 per cent of the spontaneous 
mutations are of the first kind, and about 90 per cent of the second. Both base 
analogue inducible and noninducible mutants can therefore revert spontaneously. 
The existence of these two spontaneous mutagenic effects is consistent with the 
properties of mutant NV 34 and others of its kind (‘Table 1). 

The two different mutagenic effects must correspond to two fundamentally 
different changes in DNA. It is possible to arrive at a simple molecular explana- 
tion of these changes if we assume that each new chain of replicating DNA is 
formed along a preexisting complementary chain (e.g., according to the scheme of 
Watson and Crick®) and that all mutations with which we deal in this paper are 
due to mistakes in DNA replications. 

(1) The mutagenic effect of the first kind, i.e., the induction of mutations by BU 
and AP probably arises by mistakes in base pairing when, or after, a base analogue 
is incorporated into DNA.* Whatever the exact mechanism, a purine would always 
be replaced by another purine, and a pyrimidine by another pyrimidine. Hence 
the only possible transitions a nucleotide pair can finally undergo are 


mutagenic effect of the first kind (1) 


One would expect that for most base analogue induced mutants, the change of 
just one nucleotide pair is responsible for the mutant phenotype. This agrees with 
the fact that all induced mutants are well localized in the genome, and only 4 out 
of 300 do not revert. 

It has been disecussed*® that each base analogue can induce the transitions (1) 
in both directions (from A—T into G-H and vice versa). This explains why most 
base analogue induced mutants can also be induced to revert. In most eases the 
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only inducible transition seems to be that of a back mutation to the standard geno- 
type. 

A given base analogue may produce changes in one direction (1) more often than 
in the other. This may explain why BU induced mutants tend to be more reversion 
inducible by AP than by BD, and vice versa for the AP induced mutants. The 
preferred mutagenic direction of each base analogue is still unknown. 

(2) The mutagenic effect of the second kind must involve molecular transitions 
different from (1). Even the possibility of two or more neighbouring nucleotide 
pairs being changed by the mechanism (1) does not seem to explain the data, since 
base analogue noninducible mutants readily revert spontaneously. One would have 
to assume di- or poly-nucleotides in the medium inducing both forward mutations 
and reversions. 

A simple explanation, however, can be obtained when one assumes that the muta- 
genic effect of the second kind involves the ‘“‘transversion’’ of a nucleotide pair, in 
which a purine is replaced by a pyrimidine and vice versa. Each (revertable) 


mutation would correspond to the change of one nucleotide pair only and the pos- 


sible final changes are sketched in (2). 


= mutagenic effect of the second kind 
G 
G H 


Such a transversion may occur (one at a time) in replicating DNA in a number of 
ways. Most plausible for spontaneous mutations is the mistake incorporation of a 
purine in place of a pyrimidine or vice versa. Figure 2 shows schematically how 
such a mistake leads to the transversion of a nucleotide pair which subsequently 
replicates as such, indefinitely. The assumed purine-purine or pyrimidine- 
pyrimidine base pairs do not exactly fit into the Watson-Crick structure of 
DNA, and their presence should cause a minute distortion of the double helix. But 
mutational changes are very rare, and both the pairing by one or two hydrogen 
bonds and the rare incorporation of noncomplementary bases are structurally 
feasible. 

It is not possible at present to decide which of the conceivable base pairings are 
most frequently incorporated, although the pairs A~G and T-H seem to have a 
higher chance, for spontaneous mutations, than pairings of identical bases. In 
some cases, incorporation of the wrong base may bend the end of the growing chain 
sufficiently off the growing direction so that further replication is difficult or impos- 
sible. This in turn may invite further mistakes leading to nonreverting mutants 
and larger alterations observed for some spontaneous mutants. 

This picture of two mutually exclusive mutagenic effects has a number of testable 
consequences. 

(1) All mutagenic agents which, by any conceivable mechanism, convert one 
purine of DNA into another purine, or one pyrimidine into another pyrimidine, 
can only induce mutations of the first kind. These mutations can be induced to 
revert by the same or, sometimes more efficiently, by another agent of this class. 
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Fig. 2.—The sequence of events which may lead to the spontaneous 
“transversion” of a nucleotide pair. During DNA replication rarely a 
purine may pair with a purine- or a pyrimidine with a pyrimidine- (DNA 
precursor), and the wrong base pair may get incorporated into DNA. In 
the next DNA replication each base attaches to it its normal comple- 
mentary base and thereby finalizes the purine-pyrimidine exchange. 
Pu = purine, Py = pyrimidine. 


(2) The incorporation of a base analogue into DNA should not be able to in- 
crease the frequency of transversions, since apparently no base analogue would 
make the necessary pairing mistakes more often than any of the normal bases. 
Certain pairing mistakes of the second kind may, however, be increased, e.g. by 
(a) a large unbalance of the nucleotide ratio at the direct DNA precursor level 
(e.g., by thymine starvation); (b) agents which separate hydrogen bonds of DNA 
(e.g., higher temperature) or which otherwise tend to pull or keep DNA chains apart; 
(c) agents which attach (e.g., at the bases) to one nucleotide in DNA and one non- 
complementary nucleotide in the medium and provide a bridge of the right distance 
between their sugar-phosphates to enable incorporation. 

An agent of kind (b) or (¢) may be proflavine (= 3,6- diamino-acridine) which 
carries two amino groups in about 10 A distance. One cannot decide, at present, 
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which of the possible attachments to nucleotides are responsible for its mutagenic 
effect. But this effect, apparently, is of the second kind, since proflavine induced 
mutants could not be induced to revert by our base analogues, although they revert 
spontaneously. 

(3) For other organisms the same two kinds of mutagenic effects should exist. 
Their relative rate among the “spontaneous”? mutations cannot be predicted, since 
it depends on the natural formation of mutagens in different organisms. 

(4) The results are of obvious importance for the coding of proteins by DNA. 
It should be possible to group all amino acids into different classes, so that muta- 
tions of one kind ean only zntraconvert amino acids of the same class, while inter- 
conversions of different classes are only possible by mutations of the other kind. 


I wish to thank Dr. J. D. Watson for his generous support, and both him and 
Mr. D. Schlesinger for helpful discussions. 
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SOME EXAMPLES ON n-DIMENSIONAL STRUCTURAL STABILITY* 
By M. M. Perxoro 
RIAS, BALTIMORE, MARYLANDT 
Communicated by Solomon Lefachelz, February 9, 1959 
Let Y =(N, ..., X,), n = 2. be a differential system 
+, = de jdt — 2%, (az eo iy 

of class C! defined in the unit ball B", 2? + 4 x? S 1. 

DEFINITION. The system X is said to be structurally stable in B” if 

(i) the vector field of X has no contact with the boundary S"~' of B” and, say, 


always points inwards; 
(ii) there exists 6 > O such that, whenever a system Y = (¥,, 


p(X, Y) maxat (5 X,-— Yi) + >> |OX,/ox, — oY,/or ) <a, (2) 
i=1 


ijy=1 


_ Y,) satisfies 


we can find a homeomorphism 7 of B” onto itself mapping trajectories of XY onto 


trajectories of Y. 

This concept was introduced under a more restrictive form for the case 2 
by Andronov and Pontrjagin:' they require that the homeomorphism 7’ can be 
made arbitrarily small (e€-homeomorphism). In a forthcoming paper,’ we did 


show that (for n = 2) this last definition is actually equivalent to the one we 
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gave above. From the results of reference 1 it follows that, for n = 2, there exist 
infinitely many types of structurally stable systems which are topologically distinct. 
For n = 2, we gave? just one example of such a system, namely, 


LS, = —2, 2S sk (3) 


and we left open the question of whether or not there exist infinitely many other 
types. In terms of Theorem 2? the affirmative answer to this question implies 
the existence of infinitely many (necessarily denumerable) connected components 
for the set >> of all structurally stable systems whereas we knew the existence of 
only one such component. 

In this note we indicate, without proofs, examples showing that for n > 2 there 
are in fact infinitely many types of structurally stable systems. In the cases 
considered it happens that given « > 0 the homeomorphism 7’ can be made an 
e-homeomorphism provided that 6 is small enough, so that the examples are good 
for both definitions of structural stability. 

Our first example can be roughly described as obtained by “piling up” the 
situation described in (3) for a series of (n — 1)-dimensional balls obtained by 
intersecting B" with parallel hyperplanes. Let p be a positive integer and 0 < a, < 


<a,< 1. Consider the system 
x, = —-X%, 


x, 


n 


—x, Il (xv,? — a,;”). (4) 
j=1 


Its singularities are the points 0, +a;, 7 = 1, ..., p, of the x,-axis and they are 
alternately attractive nodes and saddle points with n — 1 positive and one negative 
eigenvalues. Every trajectory enters B" without contact and clearly x,(t) ~ 0, 
i=1,...,n—1,ast-— . The hyperplanes x, = 0 and x, = +a, are filled up 
with straight line solutions of (3) which tend, for increasing ¢t, to the singularities. 
Now the ones which correspond to saddle points are separatrices in the sense that 
trajectories starting a little above (below) it tend to the next node situated above 
(below) this saddle point. Every trajectory tends to a singularity when t > @, 
the only ones that do not meet the boundary of B” being the ones situated on the 
v,-axis and connecting nodes and saddle points. Since for different values of 
p the systems (4) have a different number of singularities, we get infinitely many 
types of structurally stable systems. 

In the above example there are no periodic orbits. We now indicate, for n = 3, 
how the vector field of (4) can be modified inside a small 3-dimensional ball con- 
taining a node in such a way as to obtain in it a saddle point and a closed orbit. 

Consider (4) in the case n = 3 and, say, p = 2. It is clear that all trajectories 
are obtained from the trajectories situated in the plane 2 = 0 by rotation around 
the x;-axis. The origin is a stable node and so with center at it we may find a 
small sphere without contact with respect to (4). Now by considering a smaller 
concentric sphere T and changing the vector field between them we may get another 
vector field, V, such that at T it has intensity 1 and enters it perpendicularly at 
every point. We now indicate how to extend V inside T. In the section of T 
by the plane x. = 0, shown in Figure 1, consider two small circles, ¢, c’, with centers 
on the 23-axis at distances +p from the origin. Consider now a plane vector field, 
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symmetric with respect to x3, defined inside T and outside c, c’, agreeing with V 
in the intersection of T with x. = 0, and such that every trajectory, except the 
ones on the x-axis that go to the saddle point at 0 will enter either one of the 
circles c, c’ perpendicularly to it. Now rotate around the 2)-axis the above vector 
field and define it to be the extension of V. It is defined everywhere inside I with 
the exception of the points situated inside the torus generated by ¢ and c’. We 
finally extend V to the inside of the torus in such a way that every trajectory tends 
asymptotically to the circle y, x2? + 

x3? = p*, x, = 0. These trajectories 

have to approach y quickly enough, 

in such a way that two of the char- 

acteristic exponents be negative. 

The above construction can be made 
around every node so that from (4), 

n = 3, we get a structurally stable 
system with p + 1 closed orbits. 

It is clear how to extend the con- 
cept of structural stability to a dif- 
ferential equation defined in a mani- 
fold with a given set of coordinate 
systems. The examples above would 
give, by identifying the boundary of 
B” with a single point, examples of 
structurally stable systems in the 
sphere S"; a new singularity, an unstable node, is introduced. It is easy to 
see that the Hopf-Poincaré index formula is satisfied. 

In the above examples, the w and a limit sets of every trajectory are each either 
a closed orbit or a singular point. It seems natural to conjecture that this is true 
for every structurally stable system. A result somehow in this direction has 
been announced recently by L. Markus.* 

We say that a singularity is of type (k, n — k) if k of its eigenvalues,0 S k S n, 
have positive real part and the remaining n-k, negative ones; similarly we define a 
closed orbit of type (p,n — p — 1),0 < p S$ n — 1, where instead of eigenvalues 
we consider characteristic exponents. Above we have singular points of type (0, n) 
and (1, n — 1) and closed orbits of type (0,2). For the development of this theory 
it would be important to exhibit structurally stable systems presenting simul- 
taneously singularities of type (k, n — k), with | < k < n, and closed orbits of 


type (p,n — p — 1), withO <p <n — 1. Reeb* has considered in S* systems 


without singularities and presenting closed orbits of types (0, 2), (2,0) and (1, 1); 
those for which no trajectory y is such that w(y) and a(y) are closed orbits of type 


(1, 1) seem to be structurally stable. 


I wish to thank Prof. P. Hartman for discussions. 


* This research was supported in part by the U.S. Air Force Office of Scientifie Research under 
Contract 49(638 )-382. 
t On leave of absence from the Instituto de Matematica Pura e Aplicada and Universidade 


do Brasil, Rio de Janeiro. 
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COLOR VISION AND THE NATURAL IMAGE 
PART If* 
By Epwin H. LAnp 
POLAROID CORPORATION, CAMBRIDGE, MASSACHUSETTS 
Communicated February 27, 1959 


In Part I we proposed a new co-ordinate system to describe the colors we obtained 
in images, since these colors were not those predicted by classical color theory. As 
a strong working hypothesis we proposed that the color, at least in images derived 
from two primaries, depends neither on the wave lengths of these primaries nor on 
the relative energy of these primaries at a given point in the image. This new co- 
ordinate system implies instead that color at a point in an image depends on a ratio 
of ratios; namely, as numerator, the amount of a long-wave stimulus at a point as 
compared with the amount that might be there; and, as denominator, the amount of 
a shorter wave stimulus at that point as compared with the amount that might be 
there. (This was Fig. 13 in Part Land is reproduced here as Fig. 1.) 
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Fic. 1.—Co-ordinate system. 
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In order to conduct experiments which would delineate the boundaries of this 
hypothesis we built a dual-monochromator (Fig. 2). With this instrument we may 
transilluminate a pair of photographic transparencies, each with a narrow spectral 
band of light or with white light. It is a simple matter for the observer to change the 
wave-length or the energy of either of the stimuli, and to watch the effect these 


changes have on the colors in the composite image. 
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Fic. 2..-The dual monochromator viewer superposes, via the semimirror, two transparent 


images from a color separation camera. These images can be illuminated with narrow band- 
widths of any two desired wave-lengths which are selected by rotating the gratings of Littrow-type 
monochromators. Compact filaments are imaged at the entrance slits of the monochromators, 
and the spectra are imaged at the exit slits. Images of the exit slits are superposed at the exit 
pupil by condenser systems corrected for spherical and chromatic aberration. A white flag can 
be inserted into either path to provide white light. (The dual monochromator was designed for us 
by David 8. Grey and executed by him and Stanley W. Haskell. 


These experiments have supported our original hypothesis, and the first part of 
that hypothesis may now be restated as follows: Color in images cannot be des- 
cribed in terms of wave-length and, in so far as the color is changed by alteration of 
wave-length, the change does not follow the rules of color-mixing theory. The 
chart in Figure 3 describes the results of our experiments, and is a graphic presenta- 
tion of the degree to which color is independent of wave-length, as well as of the 


way in which the range of colors is limited with some combinations of wave-lengths. ! 


For in this new approach to the problems of color, two questions keep coming to the 
forefront: (1) What variety of sensations can be elicited by a pair of stimuli in the image 
situation? (2) How does the sensation elicited by the stimuli at a given place in the 
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Fig. 3.--Range of colors produced by different pairs of wave lengths. “everything” is used to 


mean red, orange, vellow, green, blue, purple, brown, black, white and gray. Broken lines are 
used to define subdivisions in which the range of colors obtained differs only slightly from the gamut 
in the larger area 


image compare with the sensation the observer would have had when he was looking at 
the subject being photographed; are the sensations in the synthetic situation in the same 
color-order as they were in the original situation? The area above the 45° line in- 
cludes, by definition, all combinations of wave-lengths where the stimulus for the 
long record is longer than the stimulus for the short. In almost every case this 
arrangement causes the colors to appear in correct hierarchical order. In the area 
below the 45° line, the stimuli, and therefore the colors, are reversed. The only 
exception to this general rule occurs in the area marked “Short-wave Reversal” 
and this region will be discussed later in more detail. 

The largest area on the graph is the one in which the two stimuli will give ‘“Every- 
thing’’—i.e., red, orange, vellow, green, blue, purple, brown, black, white, and gray. 
These colors persist with a wide variety of pairs of wave-lengths. There are places 
where the gamut of colors is restricted, but even in these areas the range of color 
which 7s produced is far greater than would be predicted by classical theory. These 
areas of limitation are indicated by broken line divisions at the edges of the larger 
region of good color. There is, in addition, a small area where the range of color 
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is quite limited: two very long wave-lengths (e.g. 660-690) give only different 
shades of red. 

When a wave-length from 400 to 435 is used as a short stimulus, with one from 
140 to 510 as the long, there is the reversal noted in the lower left hand corner of the 
diagram; the objects which were red in the original scene are a vivid green, and the 
green objects appear to be a somewhat purplish red. When the stimuli here are 
reversed, making the shorter wave-length the stimulus for the long record, the 
colors appear in the correct hierarchical order. The remarkable phenomenon 
consequent on this observation requires a great deal of further study; the significant 
point at the moment is that the shorter wave-length acts as the long stimulus in 
producing these subtle and rich colors. 

The long area running through the diagram just above the 45° line is labeled 
“Achromatic? Wash.” The pairs of wave-lengths which fall within this area will 
not produce any color in an image. There will be a wash of color reminiscent of 
what would be expected classically, but so pale that it falls in an entirely different 
visual category from the color obtained on objects in images. The width of the 
Achromatie Wash region can be read as a function of either the long or short 
stimulus; and the curve defining that region tells the separation required between 
the long and short stimuli in order to give color to the objects in the image. The 
separation necessary at any point may be determined very simply. For example, 
with a short stimulus of 610 my an imaginary vertical line may be drawn which will 
intersect the solid line curve that marks the first appearance of color. Reading 
from that point of intersection across to the long stimulus axis we find that that 
point is 640 mpg. The difference between the two wave-lengths (a distance here 
represented by the dotted line between the 45° line and the curve) is 30 my; this 
is the separation required to see color at that point. The colors which will be seen 
with that separation are listed in the area on whose boundary the junction point 
lies. With the pair 610-640 the full gamut of color appears at once, although with 
this extreme combination the colors are unsaturated; with certain other wave- 
lengths the minimum separation gives only a limited range of colors. If, for in- 
stance, we use 475 as the short stimulus, the minimum separation is 20 my: at 
this point, with a long stimulus of 495, yellow, green, blue, brown, black, white, 
and gray will appear. If the long wave-length is moved up to 560, the green will 
disappear and orange will be added; and at 570 the gamut is complete: “everything”’ 
(except purple) is in the image. There is a particularly interesting region between 
570 and 590, for here, as the diagram indicates clearly, very little separation of wave- 
lengths is required. Given a short wave-length of 580, the long wave-length need 
be made no longer than 590 before the full gamut of color appears. (This small 


separation can best be studied by passing the wave-lengths across each other, 


noting the sharp reversal in the hierarchical order of the colors.) With this separation 
of only 10 my the cool colors are unsaturated but the blues and greens are recog- 
nizable. 

A second interesting feature of the area between 570 and 590 becomes apparent 
when a single wave-length is used as one stimulus and white is used as the other. 
With a wave-length from the “blue” part of the speetrum, white acts as the long 
stimulus; and with a wave-length from the “red” part of the spectrum, white be- 
comes the short member of the pair. What then is the wave-length which is equiv- 
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alent to white, the wave-length than which white is neither longer nor shorter? 
We have found that 588 is that wave-length. We can use 588 as one stimulus and 
white as the other, and there will be essentially no color in the image. But the 
slightest shift of that wave-length to a position above or below 588 will bring color 
into the image. The hierarchical order of the colors will reverse as the white is 
made to act first as the long and then as the short stimulus. The remarkable fact 
is that many observers of various ages and races, given the simple instruction to 
find the point where the red object turns to green, have all set the wave-length dial 
to within one or two millimicrons of 588. From this consistency and precision we 
have learned that the eye must have a fantastic mechanism for finding a balance 
point within a band of wave-lengths. 

The second part of our original hypothesis was that the colors in an image are 
largely independent of the relative energies of the two stimuli. Experiments with 
the dual-monochromator have shown that this is true; furthermore, when the colors 
finally change because of extreme changes in relative energy, they do not alter 
in the way that the classical laws of color-mixing predict. 

This is shown by the following tables which describe the stability of colors for 
various pairs of wave-lengths as the relative energy is altered. (Tables 1, 2, 3, 
and 4.) The values for the range over which the color was seen were obtained by 
altering the energy of one stimulus and measuring its energy at various levels. 
Because the measurements were made in this way, the responses of the eye and of the 
photometer to that stimulus, in relation to their response to other stimuli, did not 
need to be considered. However, it was assumed that increasing the energy of one 
stimulus by Y was equivalent to decreasing the energy of the other by N; (the 
results of other experiments, to be described elsewhere, give this assumption some 
justification). These are preliminary figures, the result of averaging the observa- 
tions recorded by only a few observers. There is no doubt, however, of the validity 
of the conclusion that for many wave-length pairs color is stable over a very great 


range of relative brightnesses of the two stimuli. 


SODIUM VIEWERS 
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Fic. 4.—Sodium viewers. 
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TABLE 1 


UsInG WAVE-LENGTHS 560 Mu AND 615 


Range Over 
Which Seen 
300 to 1 
200 
100 
100 


Colors Seen 
Red 
Brown 
Green 
Orange 
Gray ” ‘ 
White f o 
Yellow 30 
Blue 6 


UsinG WAVE-LENGTHS 450 Mu AND 575 


Range Over 
Which Seen 
200 to 1 
100 
100 
30 


Colors Seen 
Gray 
Brown 
White 
Yellow 
Yellow-green 30 
Blue 10 
Green 6 
Red 5 


Orange ) 


Usinc WAVE-LENGTHS 575 Mu AND 595 


Range Over 
W hich Seen 
100 to 1 

100 
30 
30 
30 
20 
10 


Colors Seen 
Yellow 
Gray 
Brown 
Blue-green 
Orange 
Red 
White 


TABLE 2 


TABLE 3 


TABLE 4 


Mu AS PROJECTION STIMULI 


Variation in Color Over This Range 
Very dark red to red-orange 
Red-brown to green-brown 


Green to dark green with a touch of blue 


Light orange to red-orange 
Cool gray to warm gray 


Green-yellow to orange-yellow 


A dark blue never easily distinguishable 


from black 


Mu AS PROJECTION STIMULI 


Variation in Color Over This Range 
Little variation 
Yellow-brown to dark brown 
Yellowish-white to bluish-white 
Yellow to off-white 
Yellow-green to yellow-orange 
Blue-violet to blue-green 
Blue-green to gray-green 
Dark red to dark orange-red 
Yellow to red-orange 


Mu AS PROJECTION STIMULI 


Variation in Color Over This Range 
Always near yellow 
Always gray 
Orange-brown to green-brown 
Grayish blue-green to dark blue-green 
Yellow to orange 
Dark brick-red to red-orange 
Yellowish-white to white 


UsinGc WAVE-LENGTHS 410 Mu AND 460 Mu AS PROJECTION STIMULI 


Range Over 
Which Seen 


10 fo 1 


Colors Seen Variation in Color Over This Range 


White 
Green 10) 
Violet-red 20 
Gray 6 
Light blue 6 


Always near white 

Dark green to light blue-green 
Dark violet-red to rosy-pink 
Violet-gray to gray 

Light blue to aqua 


SODIUM VIEWERS 


Experiments 13, 14, and 16 (Part I) showed that a narrow band of wave lengths 
(Wratten No. 73) may be the shorter member of one pair of stimuli, and then the 
longer member of another pair; the capacity in which this narrow band acts is 


determined by the length of the other stimulus used with it. This versatility of 
wave length was difficult to demonstrate to an audience using projected images 
In order to 
1), each 


In each 


because much of the light was not transmitted by the dark filters. 
make the demonstration more effective we built a pair of viewers (Fig. 
employing a large sodium-vapor street light as one of the illuminants.? 
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Fic. 5.—Still life of books and plants. Upper image transluminated with longer wave-length 
This applies also to Figure 6. 


stimulus; lower image with shorter wave-length stimulus. 
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Fria. 6.—Still life of groceries. 
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viewer the long and short records are placed at right angles to one another and the 
images are superposed, as they are in the dual monochromator, by means of a 
semi-mirror at 45°. The photographic transparencies are two feet square, making 
the image easily visible to a large audience; and the image is many times brighter 
than it would be if projected on the screen through narrow band filters. 

In the viewer on the right in Figure 4 sodium is the short stimulus, while tungsten 
light through a red filter is the long (Experiment 23). The resulting composite 
image (Fig. 5) covers a range of color sensations, including green and some blue. 

In the viewer on the left in Figure 4 the long record is illuminated by sodium; 
tungsten light through a green filter is the short stimulus (Experiment 24). The 
resulting picture (lig. 6) is fully colored, covering the range from red to blue-green. 
It is interesting to note that in some areas here the sodium D-line is being seen as a 
red, whereas in the previous experiment the D-line was seen as a green. These two 


experiments prove conclusively to an audience that a single wave-length may be used 


as the short member of one pair of stimuli and as the long member of another. 

The two sodium viewers used in Experiments 23 and 24 may be set up next to 
each other (Experiment 25). It then becomes clear that sodium can act as the long 
stimulus in one and as the short in the other s¢multaneously; that, as the observer 
looks quickly from one to the other, each of the pictures is quite satisfactory. The 
observer may also move away from the viewers until the angle they subtend is so 
small that both images are seen essentially “at the same time,” and again the ad- 
jacency of the two displays does not destroy the color in either one of them. 

The room lights are turned on, making the sodium viewers a part of the room 
scene (Experiment 26). The colors of objects in the mirror viewer are as real as the 
colors of the objects in the room. 

There is a further test (Experiment 27) to which the colors in the images may be 
subjected: If the observer stands slightly to one side, by the front edge of the mir- 
ror, he will be able to see the sodium light, the filtered tungsten light, and the mix- 
ture of the two in the colored image on the mirror—all at the same time. Thus the 
colors in the image prove to be stable, not only with respect to the colors of other 
objects in the room (Experiment 26), but also with respect to the spectral colors of 
the stimuli producing the image. 

We have learned from our recent work that the discussion of the negative-posi- 
tive combination, and also the description of ‘Johnny’s Magie Bookease,”’ belong 
most properly to the study of visual fields. They will, therefore, be included in 
Part III where the nature of the field in the image situation will be discussed. 

* Part I appeared in the January, 1959, issue of these Proceedings and is a necessary introduc- 
tion to Part IT. 

1 We hesitate to idealize the boundaries of color areas on the chart because we would need 
measurements from hundreds of observers in order to do this accurately. We have been able 
to test enough observers to know that the representation given here is essentially correct for all of 
them, but we have chosen to maintain maximum accuracy by presenting curves which are pre- 
cise for one of these observers. In making the measurements the following method was used: 
With each pair of stimuli the best brightness ratio was determined, and the colors seen at that 
relative brightness are the ones recorded in Figure 3. 

2 This apparatus was first demonstrated at a meeting of the Optical Society of America on 
October 9, 1958, in Detroit. 





ON PHYSICAL HEAT REGULATION AND THE SENSE OF 
TEMPERATURE IN MAN 


By T. H. BENZINGER 
NAVAL MEDICAL RESEARCH INSTITUTE, BETHESDA, MARYLAND 


Communicated by Sterling Hendricks, February 26, 1959 


Human physiology has given much of its attention to those systems which control 
in a multicellular organism the essential internal conditions: to respiration as it 
provides optimal concentrations of carbon dioxide, hydrogen ions and oxygen, to 
circulation as it maintains adequate blood flowrates and pressures, and to produc- 
tion and loss of energy as they are balanced through a regulatory mechanism for the 
maintenance of optimal body temperature. 

For the purpose of analysis, three main components may be distinguished with 
any regulatory system in physiology : 

1. Specific sensory-receptor organs register the physical or chemical quantity 
that is to be regulated. They produce nerve impulses commensurate with the 
magnitude of this stimulus. 

2. One or more effector organs act in response to the stimulus. This results in a 
return of the physical or chemical quantity registered toward the optimal level 
whereby the stimulus is reduced or abolished at the site of registration and else- 
where. 

3. A coordinating center in the central nervous system receives the afferent nerve 
impulses. It produces efferent impulses which initiate or maintain the regulatory 
action of the effector organs. 

A physiological control mechanism cannot be considered clarified until its effector 
organs, center of coordination, and receptor sensory structures have been identified, 
and until the quantitative relations between causes and effects, that is, between 
physical or chemical stimuli and physiological responses, have been demonstrated. 
In this paper an attempt is described to clarify experimentally one of these mecha- 
nisms: the so-called “physical heat regulation’* of man. We shall also discuss 
the registration of temperature and the sense of temperature, functions no less 
important than the other senses to survival and performance at various intensities 
of exertion, on earth with its many climates. Such an attempt begins at the present 
state of knowledge and requires a brief history of the discoveries made in this 
field. 

For the regulation of temperature in experimental animals and man physiologists 
have detected, at very early times in some instances and more recently in others, the 
following possible components suited for the sensory, central, or effector assign- 
ments: 

(a) The human skin contains terminal organs capable of initiating consciously 
perceived sensations of warm or cold. Moreover, following the discovery in 1904 
by Kahn! that elevated intracranial temperature is an effective stimulus for the 
activation of heat loss mechanisms, and the experiments of Barbour in 1912,? 
pointing to the basal ganglia of the brain as a temperature-sensitive site, thermo- 


regulatory responses to temperature have been elicited experimentally in animals 
by Magoun et al. (1938),* by Hess and Stoll,* and by Folkow et al.> from the pre- 
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optico-supraoptic region of the hypothalamus, a primitive part of the forebrain. 
Finally, C. von Euler (1950)* succeeded in eliciting “slow temperature potentials”’ 
of highly specific characteristics through artificially induced changes of temperature 
in the preoptico-supraoptic region of the hypothalamus in cats. These potentials 
are indicative of receptor cells translating thermal energy into electrical energy, 
“much as a retinal cell changes the energy of light into an electrical potential.” 

(b) On the effector side, three mechanisms for altering body temperature have 
been established: (1) an increase of total metabolic rate in response to cold environ- 
ment was found by Rubner (1900)? (this mechanism shall not be treated in the 
present paper); (2) in response to warm environment, sweat is secreted by cutaneous 
sweat glands, and heat is absorbed in its evaporation (measured by Rubner, 
19007); (3) furthermore, in response to warm environment, the heat transferring 
component of blood flow (that is, the flow of blood between the interior of the body 
and the skin) increases substantially, which facilitates heat loss as long as internal 
temperature is higher than skin temperature. Thermoregulatory changes in blood 
circulation have been observed in 1900 by Rubner,’ and measured in 1936 quantita- 
tively by Burton and Bazett* in a bath calorimeter, with the method of determining 
thermal “‘conductance”’ introduced by Burton (1934).° 

(c) Earlier than the cerebral registration of thermal stimuli, the existence of a 
cerebral thermoregulatory center was discovered, with a ‘“‘puncture’’ technique by 
Aronsohn and Sachs (1885).!° Isenschmidt and Krehl (1912)'! made animals 
poikilothermic by transsecting the diencephalon in its rear and middle part. After 
a separation of the telencephalon from the brain stem they found that temperature 
control was essentially intact. The efferent thermoregulatory impulses originate 
mainly from the caudolateral part of the hypothalamus and adjoining mesencephalic 
tegmentum, that is, at some distance from the thermally sensitive preoptico- 
supraoptic tissue. 

From the undisputable pieces of experimental evidence a concept of autonomic 
physical temperature control was developed and generally accepted by physiology, 
in which the cerebral thermoregulatory system receives its main afferent thermo- 
regulatory impulses from the thermoreceptors in the skin, and then evokes responses 
in the effector mechanisms, namely sweat glands and cutaneous vessels. Space 
does not permit quotation from the numerous original papers, monographs, physio- 
logical reviews and chapters on temperature control in the textbooks of medicine or 
physiology, in which the stimulus of internal temperature has been attributed a 
role no more important, and more often a role less important than the stimulus of 
skin temperature in eliciting afferent thermoregulatory impulses to the hypothal- 
amus for vasomotor and sudomotor action. Much of the more recent work on 
physiological temperature control was designed to quantitate the part played by 
“reflex”? control originating from cutaneous thermoreceptors. In some papers the 
role of internal temperature has been reduced to a mere influence upon the excit- 
ability of the centers for afferent impulses from the skin'*'*. In others, which 
assume a participation of both cutaneous and internal nerve impulses, mathematical 


equations, models, or electrical analogues have been applied to describe in quantita- 
tive terms the role of impulses from the skin.'*~'® Moreover, attempts have been 
made to attribute the origin of impulses for the regulatory centers to deep skin 
receptors which register temperatures intermediate between internal and cutaneous? 
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or gradients between two sets of end organs in the skin, one deep and the other 
superficially located.'® 

Progress in methods rather than theoretical considerations gave occasion to the 
present study with the availability of a new principle’ and instrumentation" 
for human calorimetry. The first objective was to find whether cutaneous or 
internal temperature or both of them or none of them act as stimuli eliciting the 
known thermoregulatory reactions to environmental conditions. Secondly, it 
might be possible to clarify in a quantitative manner the function of this neural 
mechanism of sensory, central, and effector components. This would then help in 
finding rational approaches to physiological aspects such as limits of tolerance, pro- 
tection or adaptation, or to the pharmacology of the vasomotor and sudomotor 
phenomena, or to pathology and clinics including the problems of fever and hypo- 
thermia for surgery. Needless to say that only the higher level of organization is 
meant by “clarifying” the mechanism, which excludes the molecular aspects of 
smooth muscle contraction, sweat secretion, nervous transmission, and transforma- 
tion of thermal stimuli into nerve impulses. 

The experimental approach was by functional not anatomical analysis of the 
apparatus, without blocking measures, with all parts of the system intact and in 
vigorous thermoregulatory action, by simultaneous and continuous measurements of 
the responses and the two possible stimuli: internal temperature and skin temper- 
ature. 

These two temperatures, unfortunately, move jointly up or down under most 
physiological conditions and make it thus impossible for the experimenter to decide 
which one of the two was the stimulus for a response he observed. This difficulty 
may be overcome by experimental interference, dissociating the internal and cutane- 
ous temperatures from their normal relation. Even so, there would be some 
interdependence and no plot could be obtained with, say, internal temperatures 
varying over a wide range, and skin temperature always at the same standard level 
or vice versa. Yet, such a plot would seem to be required for observation of the 
vasomotor and sudomotor responses to internal temperature without interference 
from cutaneous thermoceptors. The same considerations would apply to the con- 
verse: observation of responses to skin temperature without interference from in- 
ternal thermoreception. Fortunately, there are two very special cases in which 
unequivocal answers would be obtained: if the thermoregulatory system of vaso- 
motor and sudomotor responses were completely znsensitive to internal temperature, 
responses plotted against skin temperature would fall upon one best line, with all 
deviations random and within experimental errors. Conversely, if the system were 
completely insensitive to skin temperature, the responses plotted against internal 


temperature would fall upon one best line, with all deviations random and within 


experimental errors. 

After a careful study of the literature it became most unlikely that either one of 
these two special situations existed. However, if it did, the experiments would leave 
no doubt about it. One of the two plots would be smooth, the other disrupted, if 
measurements could be obtained at widely varied relations between internal and 
cutaneous temperatures. If both stimuli were powerful, neither of the two plots 
would make sense. If one of the two were the true stimulus and the other had some 
influence upon the response, however weak and of whatever origin, this would 
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cause a directed, not random, dissociation of the plotted values. Prior to a discus- 
sion of the outcome a brief introduction is required on experimental tools and pro- 


cedures. 


METHODS 


A. Calorimetry.—The quantitative principle of gradient calorimetry introduced 
in 1949" permits continuous and rapid recordings of heat loss, which in a steady 
state, is equal to metabolic heat production; a ventilatory air circuit with the 
gradient calorimeter permits the separate measurement of the rate of evaporative 
water loss as a component. A respiratory air circuit allows the separation of pul- 
monary heat losses from the heat transfer through the skin. From cutaneous heat 
loss, YQ, and the difference between internal temperature, 7',, and cutaneous tem- 
perature, 7’,, “conductance,” C = Q/(7T, — T,) (the thermal index of heat trans- 
ferring blood circulation), is readily derived. It is therefore possible by gradient 
calorimetry to obtain rapid and continuous recordings of the two responses—sweat 
secretion and peripheral blood-flow rate—simultaneously with the potential stimuli, 
namely, skin temperature and internal temperature. For the calorimetric tech- 
niques and their reliability (error + | per cent of human resting metabolism or 
0.2 cal/sec), reference is made to a previous publication. 

kb. Thermometry.—-For the measurement of internal body temperature, a site 
as well defined and as close as feasible to the hypothalamic heat center was chosen. 
Into the external auditory canal, 36-gauge twin wires of copper and constantan were 
introduced. The thermoelectric junction of the wires was placed at the tympanic 
membrane. Cotton insulation protected the site from undue influence of the en- 
vironmental temperature. Stable and reproducible measurements, responsive to 


experimentally induced changes, were thus obtained. The correct location of the 
junction could be judged from the slight pain and alteration of hearing felt during 
the hours with the junction in position. These measurements at the tympanic 


membrane were verified as representing cerebral—and therefore hypothalamic 

temperatures, by simultaneous measurements at other intracranial locations 
(Figure la). In collaboration with G. W. Taylor thermocouples were placed a) 
at the anterior outer wall of the sphenoid sinus; b) at the base of the skull in the 
anterior ethmoidal region, and ¢) in the nasopharyngeal recess of Rosenmueller 
for comparison with d) the tympanic membrane site. Locations a) and b) are 
supplied with blood from the internal carotid artery by way of the ophthalmic 
and ethmoidal branches. In location ¢) the thermocouple sat on the stem of the 
internal carotid artery. The nostrils were sealed while the choanae remained 
open. Levels of temperature at a), b), and ce) were found practically identical. 
So were the quantitative changes of temperature (integrated areas) observed at 
b), e), and d) (Figure 2) after ingestion of ice. The only difference found with d), 
the tympanic measurement, was a less rapid response due to slower circulation 
through bone and cartilage. The reading of d) was always the highest (regardless 
of environmental temperature) because evaporative cooling takes place at the wet 
surfaces of a), b), and ¢). None of these differences is disturbing the experiments 
under consideration. Potentials from single junctions were amplified 100 times 
with a de-breaker amplifier. Calibrations were carried out with certified mercury 
thermometers with the junction firmly attached to the bulb and the thermometer 
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immersed in water. The readings were reproducible within +0.01°C. A stand- 
ard temperature for all reference junctions was established arbitrarily but repre- 
ducibly at 38.380° + 0.005°C, in a | kg block of pure aluminum, accommodated 
in a thermos flask, which was protected by a collapsible polyethylene bag for deep 
immersion in a 60-gallon water tank. The tank was continuously stirred and 


) ) 


regulated at 38.38° + 0.01°C, using a larger mereury bulb and a fine capillary 


with platinum contact. The contact operated a relay for intermittent heating. 
Additional constant heat was applied. The bulb, capillary, and lead wires were 
also immersed deeply in the tank. Cooling was not required, with a room tempera- 
ture of +24°C. 

Skin temperature was measured in ten chosen places (forehead, cheek, upper 
arm, chest, back, lateral thigh, medial thigh, calf, dorsal foot, dorsal hand), and 
integrated by wiring these ten thermoelectric potentials in series, with tenfold 
amplification (to match the response of internal temperature as measured with one 
thermocouple and one hundredfold amplification). The deflection obtained on the 
recorder was 10 em/C° for all temperature measurements. The skin junctions were 
isolated with moistureproof resin and placed between two pieces of soft 100 mesh 
copper wire-screen, | X 2 inches. These were firmly attached to each other and 
to the skin for thermal contact. Copper screen was used for its thermal conductivity 
and negligible interference with sweat evaporation from the site of measurement. 

An independent check on this way of measuring and integrating average skin 
temperature was carried out by calorimetry: through experimental interference, 
human heat loss may be altered so that it changes sign, going through zero. At 
these instants, the driving force of human heat loss, namely, the temperature gradi- 
ent between internal and skin temperature, must also be observed to be zero, if all 
the independent calorimetric and thermometric measurements are correct. Figure 


‘ 


2 shows that this was indeed the case, except for a shift by 0.1°C—or 1.2 percent 
of the difference between air and skin temperatures—-toward air temperature, 
under extreme conditions. With this applied as a correction, average skin tem- 
peratures as measured are considered reliable within + 0.1°C centigrade. This 
seems satisfactory compared with a range of 12°C over which skin temperature 
varied between the limits of our experimental conditions of environment. The 
independent confirmation by calorimetry should eliminate from the discussion 
of the experiments reported here the never-ending argument, whether or not skin 
temperature was correctly measured, and correctly integrated over the entire sur- 
face of the body. 

(. Means of Influencing Separately Cutaneous and Internal body Temperatures. 
To influence skin temperature, levels of environmental temperature were varied 
between experiments on different days over a range from +10° to +45°C in 5°C 
steps. 

This covers on the hot side, the range in which a nude resting subject can main- 
tain a thermal steady state for an indefinite period with his physical heat regulation. 
In order to obtain reproducible steady states, waiting periods of one to two hours 
were often required, and some of the experiments including work periods lasted up 
to seven hours. The subject wore bathing trunks. He was suspended in the supine 
position on wire-screen as described in reference 18. Wall and air temperatures in 
the calorimeter were kept alike. Ventilatory air was supplied at a rate of 800 





650 PHYSIOLOGY: T. H. BENZINGER Proc. N. A. 8S. 


liters/minute with a water vapor pressure of 6.3 mm Hg throughout. The result- 
ing relative humidity in the calorimeter was of the order 25 per cent with the resting 
subject, or 50 per cent during exercise. In this way it was ascertained that full 
wetting of the skin never occurred during the experiments. Any loss of water by 
dripping sweat without evaporation would have been physiologically meaningless 
and technically incorrect, since the measurement was based on the heats of evapora- 
tion and condensation. Whenever, as in these experiments, the water secreted from 
the sweat glands is immediately and completely evaporated, the heat of evapora- 
tion represents directly the rate of sudomotor action. Respiratory air was sepa- 
rately supplied with a flow rate of 100 liters per minute at a temperature of 37.5°C( 
with 50 per cent relative humidity throughout, regardless of environmental tempera- 
ture. These conditions were established to avoid a direct influence of the varia- 
tions in environmental temperature, upon the chest organs. For similar reasons 
nose breathing was maintained throughout, with a breathing mask by which the 
subject inhaled from, and exhaled into the constant 100 liter air stream of the re- 
spiratory circuit. The excess air of the circuit does not enter the calorimeter. The 


’ 


water vapor content of the air in the calorimeter was measured at one-minute or 
five-minute intervals, and rates of change, if any, were applied as a correction to the 
calorimeiric readings. 

For influencing artificially the temperature prevailing at the internal thermo- 
ceptive system, physical exercise proved to be most useful. Steady states may be 
obtained by exercise with increased metabolic heat production and loss. This 
leads to elevated steady levels of internal temperature, whereas skin temperature is 
influenced very little, and often, so it was found, in the opposite direction (skin 
cooler during exercise). Two levels of physical exercise were used: 6 calories and 
12 calories of work output per second, which was measured by means of a special 
ergometer, to be described elsewhere. With an efficiency of approximately 25 


per cent for the mechanochemical conversion of energy in muscle, the 6 or 12 ca!/ 
see work levels resulted in 25 to 50 cal/see increase of metabolic rate over the rest- 


ing level of approximately 20 cal/sec. 

While muscular exercise appeared to be the method of choice for a separation of 
internal and skin temperatures in steady states fora high reproducibility in quantita- 
tive observations, a different technique was found to be useful with nonsteady states 
and rapid changes. 

By repeated eating of ice-water emulsions, internal temperature may be thrown 
into a eyele of fluctuations covering with its amplitude more than one-third of the 
entire range of physiological control. Although under these conditions, there is 
not enough time for every measurement to arrive at its final and entirely repro- 
ducible level, the ice procedure is suited to show in one experiment without further 
evaluation, which of the two, skin or internal temperature as a stimulus, is answered 
by the effector mechanisms of human heat loss. 

RESULTS 

A. Observations with Rapid Changes.—Figure 1 is a photograph of an original 
recording, 8 X 16 inches. In this experiment with a male subject (age 53, height 
180 em, weight 72 kg) in a hot environment (+45°C) in the gradient calorimeter, 
the following quantities were simultaneously recorded over time: (1) average skin 
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Fic. 1.—Effects of periodic changes of internal temperature, induced by repeated oral ingestion 
of ice in hot environment (+45°C.) The effects upon rate of sweating and skin temperature 
were simultaneously recorded. For identification the area between the lines for internal tem- 
perature (upper line) and rate of sweating (lower line) has been shaded. 


Three times (arrows at zero, 27 and 50 minutes) the subject, through eating hastily 
450 g of an ice-water emulsion, lowered his internal temperature by approximately 
0.6°C. Each time, the ice was consumed in approximately three minutes. Internal 


temperature; (2) internal (cranial) temperature; (3) rate of water evaporation. 


temperature reached a minimum after approximately ten minutes and then re- 


Fic. 1A.—Intracranial 
measurements of temper- 
ature. X-rays in lateral 
and mento-vertical views 
show thermocouples 
placed at the anterior 
ethmoidal site, b), in 
Rosenmueller’s recess, ¢), 
and at the tympanic mem- 
brane, d). Site a), the 
anterior wall of the sphe- 
noid sinus, is indicated, 
without thermocouple, by 
dotted rings. ‘Che record- 
ing, taken immediately 
after the X-ray, shows the 
three responses practic- 
ally identical in quantity 
although less rapid at the | =p hae Ee 
tympanic membrane and >, 
with a minor influence of Rosenm 
evaporative cooling at the 
“wet”’? sites b) and c). 
Subject: T.B. 
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turned swiftly to normal. In this way, a repeated cycle of internal temperature 
with considerable amplitude was artificially induced. The cycle is reflected in every 
one of the physiological measurements. 

The essential observation is, that the curve for rate of sweating reproduces 
like an image, the internal cranial temperature. It seems difficult indeed to avoid 
the conclusion, that internal temperature was the stimulus, and sudomotor activity 
was the response. lor there is no other, no physical connection between the tem- 
perature at the tympanic membrane and the rate at which the sweat glands in the 
skin are pouring out water. Skin temperature, different from internal temperature, 
was paradoxically related to the rate of sweating. Whenever skin temperature 
rose, the rate of sweating dropped and vice versa which would be nonsensical as a 
thermoregulatory response. It is impossible to explain the repeated increases of 
skin temperature as a direct, physical effect of cooling the abdomen with ice, and 
it is also impossible to consider the changing skin temperature as a cause or stimulus 
for the observed changes in sudomotor activity, since the response would not make 
sense. The role of skin temperature is therefore recognized as passive, with the 
sequence of events as follows: Eating the ice reduced internal temperature, which 
depressed the sudomotor action, and made the temperature of the drying skin rise 
for mere physical reasons in the intensely hot environment, by radiation, convec- 
tion, and conduction. The opposite changes took place in the opposite phases of 
the cycles. 

Conductances as indices of the rate of peripheral circulation were computed from 
the cutaneous and internal temperatures and from the heat loss through the skin, 
simultaneously recorded though not shown in Figure 1. Conductances at the peaks 
of internal temperatures were found to be three times as high when compared with 
the conductance values at the minima of internal temperature. Although precision 
cannot be claimed for measurements of conductance in nonsteady states, it became 
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Fig. 2.-Calorimetrie check on measurements of averege skin temperature.Periods are shown 
during which total cutaneous heat loss and the gradient between internal and cutaneous tempera- 
tures are inversed. In the lower part of the figure, the broken line represents the rate of cutaneous 
heat loss after correction for cyclic changes of humidity in the calorimeter. The phase-shift is 
caused by lag of tissue temperatures behind the calorimetric measurements of sweating. 
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obvious from these observations that both sudomotor and vasomotor activities 
responded to internal, not cutaneous, thermoception. With simultaneous and rapid 
recordings of the essential quantities it thus became quite improbable after a single 
experiment, that the thermoceptors of the skin participate at all in human physical 


heat regulation by sudomotor and vasomotor activity. In view of the importance 


of the issue it was felt, however that tests should be extended over the full range of 
human tolerance to heat, to rule out any influence of skin temperature on sudomotor 
activity, to study peripheral blood flow in a similar way, and to arrive at a complete 
and quantitative understanding of the basic mechanism underlying the physical 
heat regulation of man. Experience showed that ultimate precision and reproduc- 
ibility can only be attained in steady states, where the heat flow rate is uniform 
throughout the system, and differences of temperature are observed only in space, 
not in time. 

Bb. Steady-State Observations.—(1) Sudomotor activity: On eight different 
days between October 23 and November 14, 1958, a subject (not the same as in 
experiment Figure 1, male, age 33, height 175 em, weight 72.5 kg) rested or worked 
at either one of the two levels, 6 or 12 cal/see, respectively, in the gradient calo- 
rimeter at constant levels of environmental temperatures of +10, +15, +20, +25, 
+30, +35, +40, and +45°C. Each state of rest or exercise was maintained until 
after an hour or more, all thermometric and calorimetric observations had reached 
steady levels and maintained these levels for a period of 10 to 20 minutes with 
negligible changes. The measurements in these steady states were used in Figures 
3 to 7 for plots of internal temperatures, skin temperatures, rates of water evapora- 
tion, and indices of heat transferring blood flow (conductance). Attention is 
again called to the fact that full wetting of the skin did not occur in these experi- 
ments. Whatever water was secreted by the sweat glands was immediately evapo- 
rated from the skin. Therefore, the rate of evaporation as measured was identical 
with the intensity of sudomotor action. 

In Figure 3 the rates of sweating in the various steady states were plotted against 
the skin temperatures. The line drawn through the points of observation at rest 
(dots) shows a reproducible relationship between skin temperature and rate of 
sweating, well known from everyday experience. This must, however, not be inter- 
preted as a relation between stimulus and response. For during exercise the rates 
of sweating (triangles) observed at the same skin temperatures fell widely off the 
curve. They were higher by 35 cal/sec as an average, or 50 cal/see at the maximum. 
This dissociation was accomplished simply by increasing metabolic activity through 
exercise, which affected skin temperature very little, and changed internal temper- 
ature very much. Obviously, skin temperature cannot be the stimulus, since its 
relation to the rate of sweating is inconsistent. 

In contrast, the relation between znternal temperature and rate of sweating is 
consistent for both work and rest observations as shown in Figure 4. Every con- 
ceivable effort had been made, and documented as to its efficiency, in Figure 3, 
to force skin temperature to show its hand in human heat control. These efforts 
failed. The firm relation between internal temperature and sudomotor action 
a stimulus-response relation—was not disrupted by the drastic changes of skin 
temperature, nor by the drastic action taken to produce those changes, anywhere 
in the physiological range of tolerable environmental conditions. 
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Fic. 3.—-Intensity of sudomotor action plotted against average skin temperature. Rates of 
cutaneous evaporation of water in steady states were recorded by gradient calorimetry in various 
environments between +10 and +45°C, at three different levels of metabolic activity (approxi- 
mately 20, 45, and 70 cal/see total, corresponding to rest, 6 cal/see work output and 12 cal/see 
work output, respectively). This plot was drawn to show, if possible, a consistent relationship 
with average skin temperature. Subject in figures 3 to 7: L.N. 

Fic. 4.—-Intensity of sudomotor action, plotted against internal (cranial) temperature. Rates 
of cutaneous evaporation of water in steady states (same as in Figure 3) were recorded by gradient 
calorimetry in various environments between +10 and +45°C, and at three different levels of 
metabolic activity (as described in Figure 3). Plot shows relationship with internal tempera- 
ture, measured at the tympanic membrane. 


In looking back on Figure 3 it now becomes apparent that a meaningless though 
reproducible relationship must exist between sudomotor activity and skin tem- 
perature at rest: since sudomotor action as a response is consistently related to 
internal temperature as a stimulus, while internal temperature in a resting man 
happens to be reproducibly related to his skin temperature, a coincidental relation- 
ship must be observed at rest between skin temperature and sudomotor action. 
This relation is readily broken by any measure dissociating internal from cutaneous 
temperature. The relation thus shown to be coincidental, was certainly one of the 
reasons why a stimulus-response relationship between skin temperature and thermo- 
regulatory action had been invariably assumed. Another even more attractive 
reason will soon become apparent with the measurements of heat transferring blood 
flow. 

(2) Heat transferring blood flow: The measurements of thermal conductance 
are shown in Figures 5 and 6. While for the rate of sweating, irrelevance of skin 
temperature could be clearly demonstrated, this is not physically possible for 
blood flow to the skin. Directly, without reflex action, the temperature of the skin 
has an influence upon the state of dilatation in cutaneous vessels. [t is an every- 
day experience, that the skin may change its color locally when stimulated by heat 
or cold. Several authors have shown that such changes take place after trans- 
section of cutaneous nerves (for example, Breslauer!®?;| Hyndman and Wolkin”’). 

It must therefore be expected that in observations during exercise, when for any 
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Fic. 5.—Intensity of vasomotor response to thermal stress plotted against skin temperature 
In various environments between +10 and +45°C, and at three different levels of metabolic ae- 
tivity in steady states (as described in Figure 3) thermal conductances, Q/(7' 7.) were deter- 
mined by gradient calorimetry, and plotted to show, if possible, a consistent relationship with 
average skin temperature 

Fic. 6.—Intensity of vasomotor response to thermal stress, plotted against internal (cranial 
temperature. In various environments between +10 and +45°C, at three different levels of 
metabolic activity (as described in Figure 3) thermal conductances, Q/(7’ 7’,) were determined 
by gradient calorimetry. The graph shows their relation to internal temperature, measured at 
the tympanic membrane. Explanation of details in the text 


given internal temperature the temperature in the cutaneous vessels is comparatively 
low, cutaneous blood flow rate will be lower than in corresponding observations at 
rest (when for any given internal temperature, skin temperature is at its maximum 
value). This modifying influence of skin temperature, though clearly visible in 
Figure 6, does not obscure the more important relation between internal temperature 
and vasomotor action. It is an image of the relation between internal temperature 
and sudomotor action, shown in Figure 4, with sudden increase from a sharply 
defined threshold, which is approximately 0.15°C lower than the threshold observed 
with sudomotor activity. While rigorous reasoning could be applied with Figure 
t for sudomotor action, common sense reasoning would accept from Figure 6 as a 
fact that vasomotor action is likewise a response to the stimulus of internal tem- 
perature, modified, but certainly not determined by some direct effect of skin tem- 
perature upon the state of dilation in cutaneous vessels. 

The nature of the side effect cannot be judged from present data. The literature 
(Hyndman and Wolkin,” Krogh,?! DuBois?) suggests several contributions: 
(a) direct action of temperature upon the vascular muscles, (b) chemically mediated 
dilatation, (¢) axon reflexes. 

Whatever their nature, these protective side reactions from the part of the 


vascular system would continue to function, if the organism were deprived of its 


hypothalamic regulation of temperature. They may represent the lowest-—and 
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phylogenetically oldest-—level of organization in the physiological control of heat. 
The separation of resting and work observations in Figure 6 tends to confirm ob- 
servations made by Thauer,”* that a certain defense against heat stress is main- 
tained in animals with low transsections of the brain stem. These mechanisms 
would, however, be inadequate to maintain by themselves a constant human body 
temperature. They seem small in comparison with the steep rise of conductance 
above the threshold of internal temperature as shown in Figure 6, and the rise 
of sudomotor activity as shown in Figure 4. One reason for the efficiency of 
the hypothalamic mechanisms is that vasomotor and sudomotor action are work- 
ing in a “tandem” arrange- 
ment: The increased conduct- 
ance facilitates heat-transfer 
from the interior to the skin. 
Through evaporation of sweat 
the heat transfer continues on 
out, from the surface of the 


ww 
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body to the environment. 
Therefore, one of the two re- 
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sponses cannot work efficiently 
without the other. The vari- 
ous direct influences of tem- 
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perature upon the state of dila- 
BLOOD tation in cutaneous vessels, so 
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ou 
e 
vo 
Vv 
© 
” 
~ 
ut 
+*) 
¢ 
- 
J 
> 
a 
z 
° 
Vv 


RATE OF SWEATING cal /sec 


o eniiebamabease pothesis on human tempera- 
36.00" 36.20° 36.40° 360° 36.80° 3700° 37.20° 3740°C ers See 
INTERNAL (CRANIAL) TEMPERATURE ture control through reflexe: 





ee Pier: = , . from cutaneous thermoceptors. 

Fic. 7.-Quantitative description of the mechanism of ; 
human physical heat regulation. The sudomotor and When conductances — are 
vasomotor responses to the stimulus of internal tempera- plotted against skin tempera- 
ture were plotted simultaneously, to show the relative < a 
positions of their thresholds and the coordinated action of — tures — ( Fig. 5) the values 
the two phenomena. Order of sudomotor responses above measured during exercise (with 
threshold: one cal/see for every 1/j90°C Order of vaso- f : 5 
motor response above threshold: 15 ce/min to every relatively high internal tem- 
'/ie@°C. No significant further decrease of conductance peratures) fall far above the 
was observed as temperature dropped below the threshold 
of active vasodilatation. curve drawn through the ob- 
servations at rest. The ex- 
planation is, of course, the same as given with Figure 3 for the rate of sweating. In 
the following summary and in Figure 7 only observations at rest were used for 
demonstration of the vasomotor response. Observations under both working 
and resting conditions were used for sudomotor activity. 

(3) Summary of steady state observations: It is now possible for physiological 
considerations to give in one graph a quantitative description of the basic mecha- 
nism*+ underlying the physical heat regulation of man: at rest in cool environments 
(with internal temperatures between 36.0 and 36.6°C) both mechanisms were 
inactive. Water evaporation was negligibly small. Conductance usually re- 
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mained below 5 cal sec~! deg~'. No further reduction indicating vasoconstriction 
was observed with increasing cold stress. In warm environment the rate of sudo- 
motor action rose from a sharply defined threshold at 36.9°C, responding in the 
order of one calorie per second to every increase by '/,°C. The rate of heat 
transferring blood flow rose earlier, with a significantly lower threshold of internal 
temperature. Above the threshold, conductance responded with 0.25 eal see~! 
deg~! to the order of '/j°C of change in internal temperature, and to smaller 
changes at higher levels. Through the two responses as described, internal tem- 
perature was maintained within a 0.5°C range, in spite of variations in metabolic 
output from 20 to 70 cal/see and variations of environment from comfortable to 
hot, near the limits of tolerance. (The mechanism of chemical heat regulation, 
active though not presented in the low temperature range of the experiments shown 
in Fig. 7, shall be described in a later study.) 

The experimental results of Figures 1, 4, 6, and 7 may be summarized in one 
sentence, and the contents of Figures 3 and 5 in another: (1) the mechanism underly- 
ing human physical heat regulation has been described as a response to internal 
temperature by vasomotor and sudomotor action; (2) the absence of a contribution 
by skin temperature—and therefore by afferent impulses from cutaneous thermo- 
ceptors—to the autonomic mechanism of human physical heat regulation has been 
demonstrated. A number of conclusions follow inevitably from these findings. 


CONCLUSLONS 


1. The first conclusion is concerned with the nature of the preoptico-supraoptic 
region of the hypothalamus as a terminal sensory (-receptor) organ, not merely a 
site of synaptic interconnections: While it had been established beyond doubt, 
that thermoregulatory responses*~° and action potentials® may be elicited from this 
region, it had not been conclusively ruled out, and indeed postulated by a number of 
authors (for example, in references 12, 13, 24) that afferent impulses from the skin 
are a prerequisite to such thermoregulatory responses. With Figure 3 and 4, the 
exclusion of this prerequisite is added to the findings of Kahn (1904), Barbour (1912), 
Magoun (1938), Folkow (1949), and C. von Euler (1950) in which the nature of 
certain hypothalamic tissue as a sensory receptor organ was elucidated step by 
step. Figure 7 gives a quantitative description of the function of this organ. 

2. The second conclusion is concerned with neural pathways: No path con- 
necting the thermoceptor cells of the skin via thalamus with the hypothalamic 
thermoregulatory system seems to be required to account for human temperature 
regulation in a warm environment. As far as this task is concerned, the preoptico- 
supraoptic receptor cells are terminal sensory neurons. 

3. The third conclusion concerns the function of the skin as a sense organ for 
temperature: The skin seems not to have one main function hitherto ascribed to 
it—to serve as sensory component, in the autonomic system of human temperature 
control by sudomotor and vasomotor action. 

1. The fourth conclusion is concerned with the total-mechanism—or rather 


mechanisms—of physical heat regulation: The role of the skin is altered, not de- 


emphasized, and recent discoveries on the cutaneous thermoreceptors (Hensel,'’ 
Zotterman*') appear no less important in a different context. The sense of tem- 
perature in the skin with its afferent impulses, and the thalamocortical neural 
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mechanism in which these are received and translated into highly coordinated motor 
activity, are forming another independent and complete thermoregulatory system. 
Virtually all skeletal muscles may serve in it as the effeetor component. By way of 
conditioned reflexes in that system, a reasonable preconditioning of human body 
temperature is accomplished, even under the most adverse climatic conditions. 
Highly effective measures such as locomotion from cold, stormy or shady areas into 
warm, calm or sunny ones, initiation or avoidance of physical exercise, plunging 
into cool or warm waters, production and application—or removal—of clothing, 
covers and shelters, and changes of posture such as stretching out in warm, or curling 
up in cool, environments, would be hardly possible without a sense of conscious 
temperature perception in the human skin. Since the effector mechanisms of this 
conscious and voluntary control system are powerful, its range of operation is 
extraordinarily wide. The range becomes virtually unlimited, when human activity 
calls upon exterior sources of energy for thermal protection. 

However, the precision of the higher reflex system in controlling temperature is 
restricted. For the ultimate pertormance—stability of internal body temperature 
the thermoreceptors of the skin are not located in the proper place. Therefore, 
beginning from a reasonably narrow preconditioned range of internal temperatures, 
a second, independent and self-sufficient system of temperature control is taking 
over. The activity of the second, subcortical, hypothalamic mechanism is not 
associated with the subjective attribute of free volition, for the effector organs, in 
warm enviroment, are the sweat glands and cutaneous blood vessels. This situa- 
tion made it possible in warm environment to observe hypothalamic regulation 
originating from preoptico-supraoptic cells without any interference from cortical 
regulation, originating from thermoceptors of the skin. With chemical heat regula- 
tion in cold environment this will be difficult. There, skeletal muscle is the com- 
mon effector organ for both the hypothalamic and the cortical mechanisms. The 
measurement of metabolic activity by gas analysis or calorimetry cannot distin- 
guish between hypothalamic stimulation of shivering or metabolism in muscle, 
originating from preoptico-supraoptic cells and cortical stimulation of metabolism 
with movements more or less coordinated, originating from cutaneous thermo- 
ceptors. Perhaps a differentiation will be possible by light general anesthesia 
that would eliminate the cortical component. The heat loads handled by sweat 
glands and cutaneous blood vessels are impressive. In the experiments shown, 
sweating performed the dissipation of four times a human metabolic rate of heat. 
It poured out water at a rate of more than two gallons per day. Conductance 
increased from five to thirty-five units. The increase was equivalent to more than 
two tons of blood circulated through the skin in twenty-four hours. And yet, 
these figures are modest and the autonomic system appears to be of limited capacity 
when compared with the loads that higher nervous activity can balance, first by 
insulation and then by refrigeration or heating, in the field, in shelters or eraft 
on land, sea and air, and ultimately in space vehicles. 

As far as precision is concerned, however, the hypothalamic, involuntary mech- 
anism is superior. It is the combination of two human sensory systems for tem- 
perature, and of two complete and independent mechanisms of heat regulation 
working in concert, that provides at once the wide range of climates that can be 
conquered, and the almost incredible precision of temperature control in man. 
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* By “physical heat regulation” is meant the maintenance of a normal body temperature in 
warm environment, through acceleration of heat loss on the various physical avenues of heat 
transfer. By “chemical” heat regulation is meant the maintenance of a normal body temperature 
in cold environment, through acceleration of metabolic, or “chemical,” heat production which 
balances the inevitable physical losses. Physical heat regulation is, and “chemical” regulation is 
not, the topic of this paper. 

t The biochemical problem of the molecular mechanism by which any stimulus is translated into 
a nerve impulse emanating from a sensory cell remains, of course, unsolved not only for the sense 
of temperature but likewise for all other senses at this time 
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